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ADDENDA ET CORRIGENDA 
p. 120, 2nd table, 2nd row, for “r,—2r,” read “r,— dry”. 


p. 144, para. beginning at line 8 should read 
“If there are p distinct dominant roots A, ἃς... and if kK, Κα... Κρ are the 
corresponding modal rows, the procedure is as follows. Partition the (ἢ, Ἠ) 
matrix {X,,Kg,...,,p} in the form [α, £], where ἃ is a (p, p) submatrix, assumed 
to be non-singular (rearrangement of the rows of τὸ and columns of [a, 8] may be 
necessary to satisfy this condition). In this case the required matrix w is con- 
structed in the partitioned form 


: woul, ἃ ἢ 
β ἣν ὁ 


and then v=u(I-w)=uf0, --ατβ[ῦ. 
0, : oe 


13-4 Graphical Interpretation of the Criterion for Steady Oscilla- 


Evidently v has p zero columns and hence p zero latent roots. If rearrangement 
has been required, u must be in the corresponding rearranged form. 

The choice of a non-singular submatrix ἃ is 8 generalization of the choice of 
& non-zero element «,, in the elimination of a single dominant root. 

This process is in effect that which is applied in the numerical example on 
p. 380,” 


p. 176, equation (4), denominator of third fraction, for 
“AMA, (A—A,)” read “A, AOA,) (A—A,)”. 


p. 262, equation at bottom, interchange first and third matrices on the right- 
hand side. / 


p. 277. It is to be noted that in the definition of z at line 8, ἃ is used to denote 
a set of parameters. Thereafter « denotes the components of acceleration. 


p. 291, §9-9. The following is a simple alternative proof of the reality of the 
roots of the determinantal equation 4,,(z)= 0 when A and £ are real and 
symmetrical. 

Let z, k respectively denote any root and its associated modal column, and 
let 2, k be the corresponding conjugates (see 8 1-17). Then 


ΣΝ i ee eee aes (1) 
Premultiplication by k’ yields 
zk'Ak = Fk’ Ek, «νυ ..(3) 
and by transposition 
zk'Ak = k’ Ek. 
The conjugate relation is 
zk’ Ak = k’ Ek. scseeahe 


Comparison of (2) and (3) gives z = Z, which shows that z is real. Thus by (1) 
k is real, and by (2) z is positive when the potential energy function is positive 
and definite. 


Ρ. 310, § 10-2 (6), second sentence should read ‘“‘The principle shows that first 
order errors in the mode yield only second order errors in the frequency as 
calculated by the equation of energy”’. 

Also line 10 should read ‘‘used, and when U happens to be symmetrical, a 
convenient...”’. 


p. 315, line 8 from bottom, for ‘‘ Rayleigh’s principle will next be applied” 
read “Since U is symmetrical, the extension of Rayleigh’s principle given in 
ἢ 10'2 (6) can be applied... ”’. 


p. 363, § 12-3, line 4, for “given” read ‘“‘are given”’. 


PREFACE 


The number of published treatises on matrices is not large, and so far 
as we are aware this is the first which develops the subject with special 
reference to its applications to differential equations and classical 
mechanics. The book is written primarily for students of applied 
mathematics who have no previous knowledge of matrices, and we 
hope that it will help to bring about a wider appreciation of the 
conciseness and power of matrices and of their convenience in com- 
putation. The general scope of the book is elementary, but occasional 
discussions of advanced questions are not avoided. The sections con- 
taining these discussions, which may with advantage be omitted at the 
first reading, are distinguished by an asterisk. 

The first four chapters give an account of those properties of 
matrices which are required later for the applications. Chapters I 
to ur introduce the general theory of matrices, while Chapter Iv is 
devoted to various numerical processes, such as the reciprocation 
of matrices, the solution of algebraic equations, and the calculation 
of latent roots of matrices by iterative methods. 

The remainder of the book is concerned with applications. Chapters 
v and vi deal in some detail with systems of linear ordinary differential 
equations with constant coefficients, and Chapter vm contains ex- 
amples of numerical solutions of systems of linear differential equations 
with variable coefficients, The last six chapters take up the subject 
of mechanics. They include an account of the kinematics and dynamics 
of systems, a separate discussion of motions governed by linear dif- 
ferential equations, illustrations of iterative methods of numerical 
solution, and a treatment of simple dynamical systems involving solid 
friction. The part played by friction in the motions of dynamical 
systems is as yet very incompletely understood, and we have con- 
sidered it useful to include a very brief description of some experi- 
mental tests of the theory. 

A considerable number of worked numerical examples has been 
included. It is our experience that the practical mathematician, 
whose requirements we have mainly considered, is often able to grasp 
the significance of a general algebraic theorem more thoroughly 
when it is illustrated in terms of actual numbers. For examples of 
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applications of dynamical theory we have usually chosen problems 
relating to the oscillations of aeroplanes or aeroplane structures. 
Such problems conveniently illustrate the properties of dissipative 
dynamical systems, and they have a considerable practical importance. 

A word of explanation is necessary in regard to the scheme of 
numbering adopted for paragraphs, equations, tables, and diagrams. 
The fourth paragraph of Chapter 1, for example, is denoted by § 1-4. 
The two equations introduced in § 1-4 are numbered (1) and (2), 
but when it is necessary in later paragraphs to refer back to these 
equations they are described, respectively, as equations (1-4-1) and 
(1-42). Tables and diagrams are numbered in each paragraph in 
serial order: thus, the two consecutive tables which appear in § 7:13 
are called Tables 7-13-1 and 7-13-2, while the single diagram intro- 
duced is Fig. 7.13.1, 

The list of references makes no pretence to be complete, and in the 
case of theorems which are now so well established as to be almost 
classical, historical notices are not attempted. We believe that much 
of the subject-matter—particularly that relating to the applications 
—presents new features and has not appeared before in text-books. 
However, in a field so extensive and so widely explored as the theory 
of matrices, it would be rash to claim complete novelty for any 
particular theorem or method. 

The parts of the book dealing with applications are based very 
largely on various mathematical investigations carried out by us 
during the last seven years for the Aeronautical Research Committee. 
We wish to express our great indebtedness to that Committee and to 
the Executive Committee of the National Physical Laboratory for 
permission to refer to, and expand, a number of unpublished reports, 
and for granting many other facilities in the preparation of the book. 
We wish also to record our appreciation of the care which the Staff of 
the Cambridge University Press has devoted to the printing. 

Our thanks are also due to Miss Sylvia W. Skan of the Aerodynamics 
Department of the National Physical Laboratory for considerable 
assistance in computation and in the reading of proofs. 


R. A. F. 
W.J.D. 
A. R. C. 


March 1938 


CHAPTER I 


FUNDAMENTAL DEFINITIONS AND 
ELEMENTARY PROPERTIES 


1.1. Preliminary Remarks, Matrices are sets of numbers or 
other elements which are arranged in rows and columns as in ἃ double 
entry table and which obey certain rules of addition and multiplication. 
These rules will be explained in §§ 1-3, 1-4. 

Rectangular arrays of numbers are of course very familiar in geo- 
metry and physics. For example, an ordinary three-dimensional 
vector is represented by three numbers called its components arranged. 
in one row, while the state of stress at a point in a medium can be 
represented by nine numbers arranged in three rows and three columns. 
However, two points must be emphasised in relation to matrices. 
Firstly, the idea of a matrix implies the treatment of its elements taken 
as a whole and in their proper arrangement. Secondly, matrices are 
something more than the mere arrays of their elements, in view of the 
rules for their addition and multiplication. 


1-2. Notation and Principal Types of Matrix. (a) Rectangular 
Matrices. The usual method of representing a matrix is to enclose the 
array of its elements within brackets, and in general square brackets 
are used for this purpose.* For instance, the matrix formed from the 


arEey. 1 12 0 
5 6 1 

is represented by 1 12 0]. 
| \s 6 


The meaning of other special brackets will be explained later. If a 
matrix contains lengthy numbers or complicated algebraic expressions, 
the elements in the rows can be shown separated by commas to avoid 
confusion. | 

The typical element of a matrix such as 


Aj Ais eee Ass 
A»; 4. ὧν Asn 
Ami Ams ‘eee Amn 


* Some writers employ thick round brackets or double lines. 


2 ΝΟΤΑΤΙΟΝ ᾿ 12. 
can be denoted by A,,, where the suffices ἡ and 2 are understood to 
range from 1 to m and from 1 to n, respectively. A convenient abbre- 
viated notation for the complete matrix is then [A,,], but in cases 
where no confusion can arise it is preferable to omit the matrix brackets 
and the suffices altogether and to write the matrix simply as A. 

The letters i, 7 are generally used in the sense just explained as 
suffices for a typical element of a matrix. Specific elements will 
generally have other suffices, such as m, n, 1, 8. 

(6) Order. A matrix having m rows and n columns is said to be of 
order m by n. For greater brevity, such a matrix will usually be re- 
ferred to as an (m,n) matrix; the bar shows which of the two numbers 
m, n relates to the rows.* 

(c) Column Matrices and Row Matrices. A matrix having m elements 
arranged in a single column—namely, an (7m, 1) matrix—will be called 
ἃ column matrix. A column of numbers occupies much vertical space, 
and it is often preferable to adopt the convention that a single row of 
elements enclosed within braces represents a column matrix. For 
instance, {221, 15» Yt = [4]. 

Vo 
R 


A literal matrix such as the above can be written in the abbreviated 
form {2}. 

In the same way a matrix with only a single row of elements will be 
spoken of as a row matrix.t When it is necessary to write a row matrix 
at length, the usual square brackets will be employed; but the special 
brackets | | will be used to denote a literal row matrix in the abbreviated 
form. For example, Ly; | = [y1, Yos Ys). 


In accordance with the foregoing conventions, the matrix formed 

from the rth column of an (m,n) matrix [A,,] is | 
| {A,,, A.,, 9.9) Amr}; 

and this can be represented as {4,,}, provided that ¢ is always taken to 
be the typical suffix and r the specific suffix. In the same way the 
matrix formed from the sth row of [A,,] is" 
(4,,,Aeas Seeg A,,], 
and this can be expressed as [.4,,]. 

* An alternative notation, which is in current use, is [AJ*.. 


Tt A row matrix is often called ἃ line mairiz, ἃ vector of the fret kind, or a prime; while a 
column matrix is referred to as a vector of the sccond kind, or ἃ point. 


1-2 SPECIAL TYPES OF MATRIX 3 


The most concise notation for column and row matrices is, as with 
matrices of a general order, by means of single letters. The particular — 
type of matrix represented by 8 single letter will always be clear from 
the context. | | 

(4) Transposition of Matrices. The transposed A’ of a matrix A is 
defined to be the matrix which has rows identical with the columns 
of A. Thus if 4 = = [Ay], then A’ = [A,]. In particular the transposed 
of a column matrix is a row matrix, and vice versa. 

In this book an accent applied to a matrix will always denote the — 
transposition of that matrix. 

(6) Square, Diagonal, and Unit Matrices. When the numbers of the. 
rows and columns are equal, say n, the matrix is said to be square and © 
of order n: the elements of type A,, then lie in the principal diagonal. 
If all the elements other than those in the principal diagonal are zero, 
the matrix is called a diagonal matrix. The unit matrix of order n 18 
defined to be the diagonal matrix of order n which has units for all its 
principal diagonal elements. It is denoted by I,, or more simply by I 
when the order is apparent.* 

(7) Symmetrical and Skew Matrices. When A,; = A;, the matrix A 
is said to be symmetrical, and it is then identical with its transposed. 
If A,, = —A,,, whereas the elements of type A,, are not all zero, the 
matrix is skew; but if both A,, = —A,, and A,, = 0 the matrix is skew 
symmetric or alternate. Both symmetrical and skew matrices are 
necessarily square. 

(g) Null Matrices. A matrix of which the elements are all zero is 
called a null matrix, and is represented by 0. 


EXAMPLES 

(i) (3,2) Matriz. 1 51. 
π᾿ [1 
3 - 

(ii) Row Matriz. [0, 1, —3, 0]. 


(iii) Column Matriz. {2, ~-1, —3, 1}. 
(iv) Symmetrical Square Matriz. 


1 2 Of. 
2 0 - 
0-1 -2 


* On the Continent the symbol commonly used for the unit matrix is Z. 


4 SUMMATION | 12-13 
(v) Diagonal Matrix. [2 0 0}. 
0 1 0 

0 0 —3 

(vi) Unit Matrix I. ᾿ ] 
10 =] 

(vii) Transposed Matrices. 

| ] feel —] 1] 


l Oo 2 0-1 
8 --Ἰ | 
(viii) Null Matrices. {0,0,0}; [0 0 07. 
f : 
0 0 0 


1-3. Summation of Matrices and Scalar Multipliers. Opera- 
tions with matrices involve operations with the elements of which they 
are composed. Unless the contrary is stated, these elements will always 
be understood to be numbers, real or complex, which obey the laws of 
ordinary algebra (i.e. scalars). It is, however, sometimes useful to 
consider matrices the elements of which are not ordinary. numbers. 
For example, the elements may themselves be matrices (see § 1-7). 

(a) Hquality of Matrices. Equal matrices are necessarily of the same 
order and have their corresponding elements equal. Thus A = B if 
Ay = By. : 

The equality of two matrices of order m by n implies by definition 
the satisfaction of mn ordinary equations between their elements. 
Conversely, a set of ordinary equations can always be represented by 
a single equation between matrices. 

(6) Addition and Subtraction of Matrices. These operations can only | 
be performed on matrices of the same order. 

The sum of two such matrices A and B is defined to be the matrix C 
the typical element Οἱ; of which is A,,+B,;. Then 

A+B=(C. aewee(d) 

The difference of A and B is similarly the matrix D the typical 

element D,, of which is A,,—B,;. Then 
A-B=D. —aeveee (2) 


corresponding elements in the summed matrices, we see that the addi- 
tion of matrices is subject to the same laws as the addition of scalars. 
Thus the associative and commutative laws of addition hold good. 
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(c) Scalar Multipliers. If A = B, it is natural to write equation (1) 
as 24 = C, with Οἱ; = 2A,,. More generally, the convention is adopted 
that multiplication of a matrix by ἃ scalar coefficient, say 1, written. 
either before or after the matrix, is equivalent to maulepeeeeen of 
every element by /. Thus, if 

1A =Al=C, 
then | Cy = 1Ag;. 

The foregoing definitions and conventions are sufficient for the 
interpretation and reduction of any expression which is linear and 
homogeneous in a set of matrices of the same order. 


| _EXaMPLeEs 
(i) Μ atric Equation Expressed as Scalar Equations. The single 


matrix equation 
7 | bee al ἢ ea bis 
Ga, Ae ba, 5 


yields the four scalar equations 
Oy, = 543; Ayq = δ15; Gey = Day; Gag = og. 


(ii) Scalar Equations Expressed as Matrix Equation. The four 


scalar equations 
ed a, = b,; a, = ba; a, = ὃς; a,=b, 


are contained in each of the matrix equations 


mad Lm od 


[α,,ας, a3, αᾳ] = [δ.. bs, bs, b,), 
αι, Qe, Ag, Q4} = {b,, bs, bs, b,}. | 
(iii) Sum of Matrices. 
: 2 ΠῚ 5 a 7 ᾿ 
2 ὃ 4 δ 6 7 7 9 1} 
(iv) Difference of Matrices. | 
1 0-l1]-f-1 1 2])=[/2 -1 --9]. 
E —7 ἡ | 1-2 ἡ ᾿ - 3 
(v) Scalar Multipliers. 


BPS Led 


6 | MULTIPLICATION : 1.4 


1.4, Multiplication of Matrices. With matrix multiplication 
two essential facts must be borne in mind. Firstly, matrices are in 
general not commutative in multiplication. Secondly, two matrices 
can only be multiplied in a given order provided that a certain con- 
dition is satisfied. If the number of columns in B is equal to the number 
of rows in A, thé two matrices are described as conformable, and they 
can then be multiplied in the order B x A. Specifically, if Bis a (ζ, 5) 
matrix and A is an (7, p) matrix, then the product BA isa (q, p) matrix. 
A scheme which expresses this rule very simply is 


(J, ) x (%,p) = (ᾧ, p). | 465 969 (1) 


The product BA is referred to either as A premultiplied by B, or as 
B postmultiplied by A. 

We may now define the process of multiplication. To obtain the ith 
element in the jth column of the product P= BA, select the ith row 
of B and the jth column of A, and sum the products of their corre- 
sponding elements, beginning at the left-hand end and the top, 
‘respectively: thus | ᾿ | 

PB, = Σ BeAr. eveces (2) 


As 8 particular case assume in (1) that g = 1 and p = 1, so that the 
first matrix has merely a single row, say | B,J, of n elements, while the 
second has a single column, say {A,}, of n elements. The product 
| B,| {4,} in this case is a (1,1) matrix, or a scalar*, which is given by 
(2) as the sum of the products of the corresponding elements in | B,] 
_ and {A,}. The general process of multiplication of two matrices may 
accordingly be interpreted as follows: To obtain the typical element 
Ἐς of the product BA, postmultiply the sth row of B by the jth column 
, of 4. 

From (1) it is seen that two matrices B and A can be multiplied in 
both the orders BA and AB only provided they are of the types 
(p,”) and (7%, p): the products are then of the types (2, p) and (7, ἢ), 
respectively. In particular this condition is satisfied for square matrices 
of equal order: however, even in this case the two products are usually 
not the same. Two matrices having the special property that BA = AB 
are said to commute or to be permutable. The unit matrix 1, for instance, 
commutes with any square matrix of the same order. 


* The caution should be added that, although a (1, 1) matrix can always be treated 
as a scalar, the converse is only true when conformability allows. | 
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ΝΕ EXAMPLES 
(i) Product of Rectangular Matrices. 
4 2-1 2 2 3 
: - 1 -4 —-3 0 
2 4-3 I1jf 1 5& 
3 1 | 
=[(4x 2)—(2x 3)—(1x 1)+(2x 3), (4x 3) +(2x 0)—(1 x 5) + (2x 1) 
faxneqraeaan-(xa, a9-0x040%9- 020 
(2x 2)—(4x 8) -- (ὃ 1) +(1 χ 8), (2x 3)+(4x 0)—(3 x 5)+(1 x 1) 


= 7 91. 
4 6]) 
--8 —8 
The rule (1) here gives (3, 4) x (4, 2) = (8, 2). The matrices are not 
conformable when taken in the reverse order. 


(ii) Products of Square Matrices. 


3 IB PLease eters 3) 


When the matrices are multiplied in the reverse order the product is 


eed eee oe eek ce 


Another illustration is provided by the pair of products 


8 4 #2171 1 W=T 21. 21 217, 
2 -1 -1||2 2 2 9. -9 —9] 
1-3-1115 ὅ ὅ _12 —12 —12 


111 ὃ 4 = .. 
22 2 Ε -] ~1 
5 ὅ δ||-]ἱ —-3 - 


(iii) Products of Permutable Matrices. 


0-3 1]/0 -1 17=fo-1 1770 -3 17 Ξ0, 
2-1 1]/]0 1-1) Jo 1-1)/2-1 1 
2-1 1Jlo 3-3} Lo 3-3/2 -1 1 


PIG IG IEE 


8 PRODUCTS OF ROWS AND COLUMNS 1-4 
(iv) Column Matrix Premultiplied by Row Matric. Ὁ 
[5 2 -3]}{2 -1 4=[5 2 -3]7 2] - --4. 
| 4 
The rule (1) here gives (1, 3) x (3, 1) = (1, 1); hence the product is a 
scalar. | δ 


(Ὁ) Row Μιαίγια Premultiplied by Column Matriz. | 
{2-1 46 2 “y ἢ [5 2 -- 8] -Ξ E 4 ἢ 


—l -,ξὅ -- 9 
4 20 8 —12 

In this case the rule (1) gives (3, 1) x (1,3) = (3,3). Note that the 
product here is of a very special type. The elements in any row (or 
column) are proportional to the corresponding elements in any other 
row (or column), so that the product has in fact only a single linearly 
independent row (or column). Examples (ii) and (iii) contain other 
illustrations of square matrices with this property. More generally, 
an (m,n) matrix with only a single linearly independent row (or column) 
is always expressible as a product of the form {A,}|B,|, where {A,} is a 
column of m elements and |.B,| is a row of x elements. For instance, 


a6, Ἢ = ἢ [2, —1, 4]={5, 2}2, —1, 4]. 


4,~2, 8 
(vi) Square Matrix Postmultiplied by Column Matrix. 
ALE ἄμ Ag  Ayg | | Vy | = | Oy %y Ἔ Ay QV + Ay37s |. 
Ge, Ae, Aga} | Le Be 1 + Age %y + AggXy 
Gs, ὧδ,» O33) |X Ag, Ly + Ag %e Ἔ Aga Xs 


The system of linear algebraic equations | 
Oy %1 + Ay_%_+Gy3%3 = by, 
Ags Ly + ὥς), + AggXy = ὃς; 
Ag) Ly + Ase Xe t+ Agg%, = dg 
is accordingly concisely expressible as the matrix equation — 
ax = b. | | 
(vii) Abbreviated Rules for Products of Special Matrices. 


Matrix x column = column, 


Row x matrix = row, 
Row xcolumn = scalar, 
Column xrow = matrix with proportional rows and proportional 


columns. | 
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1-5. Continued Products of Matrices. A continued product of 
matrices, such as CBA, is to be interpreted as follows. First pre- 
multiply 4 by B, and then premultiply the product BA by C. This 
process will of course not be possible unless B is conformable with A 
and C with BA. © 

In the foregoing definition of a continued product a, specific order of 
multiplication is laid down. However, it will now be shown that the 
associative law holds good for matrix multiplication, so that the 
factors in a product may be grouped in any convenient manner, 
provided that the order of multiplication is not altered. 

The associative law requires that if Y = CB and X = BA, then 


OBAmYASOK, ὃ  «μμἱ (1) 


To prove formally that this is a consequence of the definitions of § 1-4, 
we note firstly that equation (1-4-2) gives for the typical element of X 


ει} 
Xi; =)» Β,.4,» 
r=] 


where n is the number of columns in B and of rows in A. Hence the | 
(k,7)th element of CX is 


™ mn 
DO Xy =X UDC BirAry, «ss vevees (2) 
| i=1 i=itr=1 
where m is the number of columns in C. Similarly, since 
-Σ Crt Bi, 


the (h, 7 j th element of YA is 
™ ει} 
Σ Yr Arg = DD Ces Β,4,..». aes (3) 
r=1 ἐπὶ γ 1 


in agreement with (2). This proves the truth of (1). 
In view of the associative law, it will now be clear that a continued 
product, or product chain, such as 
Aj, Ay 1 +++ Ag Ay 
will only have a meaning provided that adjacent matrices 4,, A,_,in 
the chain are conformable. Thus, if r, and c, denote, respectively, the 
number of rows and columns in A,, the conditions to be satisfied are 
| Co=Te1 
for 8 = m,m-—l,..., 2. The scheme of multiplication in this case may be 
represented by | 
(Fs Tm—1) Χ (ἤν. 1» Tm—2) Χ «0+ Χ (Fas 71) Χ (Try 61) = (Fins &)- 
The product, accordingly, is ἃ matrix having 7,, rows and c, columns. 
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For brevity, the product of two equal square matrices A is written 
45, and a similar notation is adopted for the other positive integral 
powers. 

The distributive law also holds good for matrix multiplication. For 

] 
Poa E(A+B)F=EAF+EBF. 6δ7)Ὺ΄Ὃτ ... (4) 
The correctness of this follows at once from the formula (2) and the 
definition of addition. 
EXAMPLES 
(i) Associative Law. Compare 


3 ‘] 1 7 κι i Ge "0 2 --17- [ 22 id 
—-2-1}]2 δ] [jo 8 kre ἢ 8] [--8 —23 
with 


3 ~ allo Br | 3 1; 1: ed 
1- -ἰἴ [2 sjlo 3] |-- --α|ἴᾷᾳ 13] [--8 --98 
(ii) Rule for Product. With = = ἢ ἡ 
P={2 -ἰ 4}[5 2 -3]{1 0 2}[-1 31, ...... (7) 
the rule for the product gives 
~ @,1)x (1,3) @, 1) x (1, 2) = G, 2). 
The product thus exists, and is a matrix with three rows and two 


columns. To evaluate P, note that the part-product [5 2 -- 8] {1 0 2} 
yields the scalar — 1, which may be brought to the front: hence 


P=-1x{2 -1 4}[-1 2]=f[ 2 -4]. 
fe 
4 -- 8 

(iii) Positive Powers of a Square Matrix. 


8 4%=[ 8 47] 3 4 1 16], 

—2 1 —-2 l/j-—2 1 —8 —7 

8 4]5- 8 417 1 ε ] " 3 i ee 4 
—2 1 =2 1||-—8 —7 —-8 --7]} -- 1 —10 -- 39 
Note that positive integral powers of a square matrix are permutable. | 


(iv) Computation from “ Right to Left’’. In this method the complete 
product is evaluated by successive premultiplications. For instance, 
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if the product required is (7), 


{1 0 2}{[-1 2]=/-1 27, 
3 
-2 4 
[ὃ 2 --31[--Ξ1 2]=[1 —2], 
HH 
- 4 
and finally P={2 --1 4}[1 -2]=[ 2 Ἢ 
-1 2 
τε 


Equation (6) is a further simple illustration of computation from 
right to left. 


(v) Computation from “Left to Right’’. Here successive post- 
multiplications are used. Thus, if the complete product is (7), 


τ 


{2 -14}[5 2 --3]Ξ- [10 4 —6], 
| τὸ -2 Ὶ 
| 20 8 -12 
10 4 —6]{1 0 2}={-2 1 —4}, 
=» > | 
| 20 8. --Ι5] - | 
and lastly, P={-2 1 —4}[-1 2]=[ 2 —47. 
τὶ | 
4 —8 


_ Equation (5) provides another example. 


(vi) Use of Subproducts. In this treatment the complete product 
chain is first split into a convenient set of subproducts, which are 
separately computed. The calculation is completed by multiplication 
of the chain of subproducts, or by separation into further subproducts. 


“rs 46 71 16 EL 
naires 


11 = --ὕ9 —26] = 
—4 —9 4 Ill 
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Some of the methods of numerical solution of differential equations 
to be described in Chapter vi involve the computation of lengthy 
product chains of square matrices. With such product chains it is often 
preferable to adopt the method of subproducts rather than to compute 
the complete chain directly from left to right, or right to left; the use 
of subproducts facilitates the correction of errors. For instance, sup- 
pose the second matrix from the left, namely Ε mi to have been 
| | 2 5 
incorrectly entered as : or The rectification of a error involves 
2 3 

a recalculation of the first subproduct but no recalculation of the 
other subproducts. On the other hand, if the chain is computed from 
left to right, the correction is much more troublesome. 

_ A further important case is that in which a chain of square matrices 
is postmultiplied by a column matrix. For instance, consider the _ 


ve LR EIS eh 


Here computation from right to left obviously requires the least 
labour, since at each stage merely the postmultiplication of a square 
matrix by a column matrix is involved. 


1-6. Properties of Diagonal and Unit Matrices. Suppose A 
to be a square matrix of order n, and B to be a diagonal* matrix of the 
same order. If | P-=BA 


then Pi; = x Bi Ary = πΆ4,» scenes (1) 
rT 


since in the present case B,, = 0 unless r = 7. Hence premultiplication 
by a diagonal matrix has the effect of multiplying every element in any 
row of a matrix by a constant. Similarly, postmultiplication by a 
diagonal matrix results in the multiplication of euery element in any 
column of a matrix by a constant. 

Diagonal matrices are clearly permutable with one another, and the 
product is always another diagonal matrix. In the particular case 


where A,, = Bj}, BA-ABH=L 


These relations are characteristic of reciprocal or inverse matrices (see 
§ 1-11). 
* For definition of dicseual matrix see § 1-2 (e). 
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From the definition of the unit matrix it follows that if A is any 
square matrix TA=AI=A,  — — ——_— eevee (2) 
and that Im™=I, = ss φρο (3) 


It is on account of the properties expressed by (2) and (3) that the 
name unit matrix is justified. 

A diagonal matrix whose diagonal elements are all equal is called a 
scalar matrix. It is equal to the unit matrix multiplied by scalar. 


EXAMPLES 
(i) Premultiplication by Diagonal Matriz. 


1 0 0 2 0 TW) = [2 0 . 
0-4 0 Β 4 d 4 —16 —20 
0-0 8 3 1 2 9 3 6 


(ii) Postmultiplication by Diagonal Matrix. 
20 7171 0 OJ=fF 2 O 21. 
—1 4 5{/]o —4 : τι —16 | 
3 1 2]||0 0 3 3 -—-4 6 
(iti) Commutative Properties. 


fl 0 0772 0 0] -Ξ [2 90 O7FL O 071 =f2 ὦ OF. 
f —4 ] [ 4 Ι f 4 Ὶ [ —4 ] f -- 16 J 
0 0 3}[0 0 2 00 2]||0Ὸ oO 8 0 oO 6 
(iv) Reciprocal Diagonal Matrices. : 
0-1 Ὁ O7710 0 0 =. 
[ —0-2 ἼὮΣ 0 | 
o 0 - 0 00 —0-25 
(v) Scalar Matrices. | 
—-2 0 01[38 0 0] =—6h. 
| 0-3 | [ ; Ι 


0 O--—-2/,[0 0 3 


1-7. Partitioning of Matrices into Submatrices. The array of 
ἃ given matrix may be divided into smaller arrays by horizontal and 
vertical lines, and the matrix is then said to be partitioned into sub- 
matrices. The partitioning lines are usually shown dotted, as in 


3: 0 2). 
ila WS glee iy 
—1i-3 5 


ἜΡΓ a τπτροὖῖἋἢ ἀν το ὁ ee ee ΡΠ eee ent, (9. 
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Kach of the submatrices in a partitioned matrix may be represented 
by a single symbol, and the original matrix becomes a matrix of 
matrices; in this case the partitioning lines will usually be omitted, or 
perhaps indicated by commas. With certain fairly obvious restrictions 
partitioned matrices can be added and multiplied as if the submatrices 
were ordinary matrix elements, and the result of any such operation 
is the same as if the operation were performed on the original un- 
partitioned matrices. 

Suppose two matrices of the same order to be partitioned in a corre- 
sponding manner. Then the submatrices occupying corresponding 
positions will be of the same order, and may be added. Since each 
element in the sum is the sum of the individual elements, it is clear that 
the sum of the partitioned matrices is equal to the sum of the original 
matrices. 

Multiplication of partitioned matrices requires more detailed con- 
sideration. Let BA = P, where Bis of type (m, p) and A of type (7p, 7). 
Suppose now that B is partitioned by, say, two vertical lines into three 
submatrices B,, B,, B,; thus B=(B,, B,, B,}. Then since B now has 
three (matrix) elements arranged in a line, conformability requires that 
A shall be partitioned into three (matrix) elements A,, 4., A, arranged 
in a column; also the products B, A,, B,A,, B,A; must be conformable. 
Hence the p columns of B and the p rows of A must be correspondingly 
partitioned by vertical and horizontal lines, respectively. Clearly the 
values of P given by BA and by B, A, + B,A,+ B, A, will be identical, 
for the partitioning has only the effect of splitting the typical sum 


Σ B,,A,; into three portions which are subsequently added. Since 
r= 


the numbers of rows in B and of columns in A are quite unrelated, 
any horizontal partitioning of B and vertical partitioning of A may 
be quite arbitrary: the conformability of the submatrices will not be 
affected. 

In general, for the multiplication of two partitioned matrices, it 
is necessary and sufficient that for every partitioning line between 
columns of the matrix on the left there shall be a partitioning line 
between the corresponding rows of the matrix on the right, and no 
saab horizontal partitioning on the right. 
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EXAMPLES 
(i) Addstion. 7 


20 4 i 4]4f a, ! πῇ; 121. 
ETL Gu 
—-3 8-1} ἰ8-85 ef L-3 8 gi~1} Ls —3! 11:1 


(ii) Multiplicati 
3 0 : Ἵ 8. 0! i-l 4 
--2 --Ἰ a δε a 2 3 0 
—j] —§8 _1!-3! 5 0 
= {3, — 2, en μ᾿ 4]+{0, —I, — 3}[2, 3, 0} + {2, —I, δ) [5, 0, 2] 
8 -38 12147 0 O 074710 0 47 
- τὸ 2s --2 -ὃ 0] |-5 0 -2 
-Ἰ 1-4} [-06 -9 0 25 0 10 


13 —3 16]. 
--9. -—1 —10 
Lis —-s 6} 
_ Another scheme of partitioning for the same product is 


ΠΓ 3 0! 2771-1 4 
.-2 -1:-1]/2 3 0 
τ --8' alle Ὁ 2 


ΒΒ 


ee - --..--.----------.ς...-. -. -.-..-- -----...--.ὄ -.--.-.- sess ae ee eee 


j[-1 --8] [: —1 ἰὼ 0 2] 


I 


Ι 


2. 80 
as | deat” 10 0 4]]Ξ[ 13 -3 161. 
~4 -1 ap 5 0 oa ~9 —1 —10 
[-7 -8 —4] + [25 0 10] 18-8 6 


The convenience of partitioning when the matrices include many zero 
elements is illustrated by 


5 2:0 olf 1-2: 0 07-Ξ be a 0 00 ]=h. 
21:0 0]] -2 6 0 0 .12,1}} --ῶ, 5}! 90 0 

ἜΡΡΕΙ eee, ως ἘΠΕ is Tiassa ὟΝ 15 τσὶ δ΄ ΣΥΝ (aeownaensecowesleswaaauacuaw=aaan 
00:8 3 0 0: 2-8 0 0 ‘78,317 2,-3 
00:5 2 0 O'-5 8 0 0 ihe | ς 3| 
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1.8. Determinants of Square Matrices. The determinant of a 
square matrix A is the determinant whose array of elements is identical 
with that of A, and it is represented by | A |. It is shown in treatises 
on determinants that the product of two determinants | B| and | A | 
of the same order m can be represented by another determinant of 
order m. The multiplication rule for determinants can be expressed in 
several different ways, but one of them is as follows: 


| [B[x{[A4,=]Cl, = wane (1) 
if Cy = Σ B;,A,;- 
7.1 


The array of the elements in | C| is thus identical with that in the 
matrix product BA. Hence the determinant of the product of two 
matrices equals the product of their determinants. It should be noted 
particularly that if cis a scalar and A is a square matrix of order m, 
then [24] -- 55]|.4. aes (2) 

Square matrices are also associated with minor determinants δα 
cofactors. It may be recalled that the first minor of the determinant 
| A |, corresponding to the element A ,,, is defined to be the determinant 
obtained by omission of the ith row and the jth column of | A |; while 
the cofactor of 4; is this minor multiplied by (—1)*7. If | A | is of 
order m, any first minor is of order m—1. Similarly, the determinant 
obtained by omission of any s rows and s columns from [4 | is called 
an sth minor, or a minor of order 21 -- 8. 

Methods for the computation of determinants and cofactors by the — 
use of matrices are described in Chapter Iv. A few special properties 
of determinants to which reference will be made later are given in the 
examples which follow. 


EXAMPLES 


(i) Differentiation of Determinants. Suppose A(A) to denote a deter- 
minant of order m, the elements of which are polynomials of a para- 
meter A: for instance, 

A(A) =| fi(A) fas(A) ... Sim(A) | 
Fas(A)  foolA) «+» Sam(A) 


δοφοδυθὺ ὑδνὼὺ 9 ees oveaeeanevwveeneeneen® 


F(A) ἤνωα(λ) ... Smm(A) 


Then by the usual rule for the differentiation of determinants AA is the 
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sum of the determinants obtained when any one column is differentiated 
and the remaining columns are taken as they stand. Since each such 
determinant is expansible in terms of first minors of A(A), it follows that 
ἐς is a linear homogeneous function of the first minors A, ..f A(A). 
Hence also ot is a similar function of the second minors A, of A(A), 
and more generally cai is linear in the pth minors Δ,- 


(ii) Determinants whose Minors of a Certain Order all Vanish. 
Suppose that, when A = A,, at least one of the gth minors A, of A(A) 
does not vanish, whereas all the (ᾳ -- rs minors A,_, do vanish, so 
that A—A, is a factor of every minor A,_,. Now, by the theorem 


proved in example (i), ate is linear in the first minors of A,_,—that is, 


in the minors Δ... of A(A). Hence A— A, is certainly a factor of tet, 
so that (A —A,)? at least is a factor of every minor A,_-- In the same way 


oes is linear in the minors A,_,, and thus contains the factor (A — A,)?. 


Accordingly (A — A,)* at least is a factor of every minor A,_. Proceeding 

in this way we see finally that (A—A,)*—1 at least is a factor of every 

first minor A, of A(A), while (A —A,)% at least is a factor of A(A) ea 
For instance, suppose 


A(A) = 


oO Ὁ 


| A{ 
Here, when A = 0, all the second minors of A(A) are zero, but one third 


minor is not zero. Clearly A? is a factor of every first minor, while 2° 
is a factor of A(A). 


Again, if A(A)=|1 0 0 Of, 
0A 9 90 
00 A 0 
00 0 23 


we see that as before, when A = 0, all second minors vanish whereas 
one third minor does not. In this case A° is a factor of every first minor 
and. A° is a factor of A(A). 
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1-9. Singular Matrices, Degeneracy, and Rank. In general the 
rows of a square matrix are linearly independent, but examples have 
already been given of matrices which do not satisfy this condition. 
If the determinant of a square matrix vanishes—so that the rows are 
not linearly independent—the matrix is said to be singular. 

The rows of ἃ singular matrix may be linearly connected by only a 
single relation, in which case the matrix is said to be simply degenerate, 
or to have degeneracy* 1. If the rows are linearly connected by more 
than a single relation, the matrix is multiply degenerate, and in fact the 
degeneracy is q if there are 4 such relations. In accordance with this 
definition the rows of a square matrix of order m and degeneracy q will 
all be expressible as linear combinations of m—q linearly distinct rows 
of elements. The quantity m — gq is usually spoken of as the rank of the 
matrix. The preceding considerations are, of course, true equally for 
the rows and the columns. The formal definitions of degeneracy and 
rank are as follows: A square matrix of order m is of degeneracy 4 when | 
_ at least one of its gth minor determinants does not vanish, whereas 
all its (4 -- 1)th minor determinants do vanish. The rank then is m — . 

From the preceding remarks it will be clear that the question of the 
degeneracy of a square matrix a of order m is intimately bound up 
with the number of linearly independent sets of quantities 2 which | 
can satisfy the m homogeneous scalar equations contained in the 
_ matrix equation az = 0 (see example (vi) of ὃ 1-4). Here x denotes a 
column of m unknowns. When a is non-singular x = 0 is the only 
solution. When a is simply degenerate a non-zero column, say ὦ = ὦ, 
_ can be found to satisfy the equation, and the most general solution 

then is an arbitrary multiple of x. Again, when a is doubly degenerate 
two distinct non-zero columns can be found, say 2(1) and #(2), and 
the most general solution is an arbitrary linear combination of these. 
More generally, when a has degeneracy g there are g linearly inde- 
pendent non-zero solutions. 


EXAMPLES 
(i) Non-Singular Matric. The matrix 


az 1 2 3 
τι 0 4 
010 


* Also called nudity by some writers. 
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is non-singular, since |a| +0. Also z = 0 is the only solution of 188 
matrix equation az = 0, i.e. of the three scalar equations 
2+ 2α., Ἐ 3%, = 0, 
τι + 2%, = 0, 
Xs = 0. 


(ii) Simply Degenerate Matrix. The matrix 


 @=fl 2 97 
2 0 2 
3 —-2 —5 


is of degeneracy 1 (or rank 8 -- ] ΞΞ 2), since at least one first minor of 
|@| does not vanish whereas |a| = 0. Hence a single linear relation 
connects the rows (or the columns). In fact 


[1, 2, 9] —2[2, 0 ,2]+[3, -- 2, —5] = 0, 
and {1, 2, 3}+4{2, 0, —2}—{9, 2, — 5} = 0. 
From the second of these relations we see that, in the present 
case, the equations az = 0, or 
αι + 2%, + 92, = 0, 
2x4 +22, = 0, 
| Bx, — 24 — Bary = 0, 
have the particular solution z= {l,4,—l}=a, and the general 
solution x = cx, where c is an arbitrary constant. 


(iii) Multiply Degenerate Matrices. The matrix 
azf0 0 0 0 
00 0 0 
001 0 
000 1 
is of degeneracy 2 and rank 2. The equations az = 0 can here be satisfied 
by 2(1) = {1,0,0,0} and 2(2) = {0,1,0,0}, and the most general 
solution is x = 6,4. (1) +-¢,x#(2). | 
As another illustration we may take 
| a= 1 2 83-1]. 
2 4 6 --2 
—1 —-2 -3 ἃ 
0 0 0 0 
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This matrix is of degeneracy 3 and rank 1. The equations az = 0 are | 
satisfied by the three columns : 


x(1) = {2, ~1, 0, 0}, 
a(2) = {3, 0, ~1, 0}, 
x(3) = {1, 0, 0, 1}, 
and the most general solution is 
% = €,%(1) + σ965(2) +0,2(3). 


(iv) Singular Matrices Expressed as Products. A square matrix a 
which has proportional columns and rows is of rank 1, and conversely. 
Such a matrix has effectively one linearly independent column and 
one linearly independent row, and is expressible as a product of the 
type {6,}|4,]. For instance, the second matrix in example (iii) can be 
written as the product 


{1, 2, —1, O}[1, 2, 3, -- 1]. 


In the same way a square matrix a of rank 2 is expressible as a product 
of the type δ, in which b consists of two independent columns and — 
® consists of two independent rows. The columns of a are all linear 
combinations of the two columns of b, and the rows of a are all linear 
combinations of the rows of B. For instance, the first matrix in example 
(111) can be written as 
0 Ο0Ο7[0 0 1 ΟἹ, 

oflo 0 6 1] 
0 
7 


or OS 


while similarly the matrix a of rank 2 in example (ii) can be represented 
in the following ways: 


1 2 97]7Ξ [1 2771 0 1)=h71 11] [5 -1 1). ᾿ 
2 0 2] [2 0,01 4 2 2/{0 1 44 © 
3-2-6) [8 -2 8 --ἴ 


More generally a square matrix a of order n and rank r can be repre- 

ted b 
sen y “εἰδῇ, 
in which Ὁ is an (7), 7) matrix with linearly distinct columns and β is 
an (7,n) matrix with linearly distinct rows. 
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1-10. Adjoint Matrices. If [a,,] isa square matrix and 4,, is the 

cofactor of αῃ in |a|, the matrix [4,,] is said to be the adjoint of [α,3]. 

It should be noted carefully that the adjoint of a matrix ὦ is the 

_ transposed of the matrix of the cofactors of a. 

Since by the properties of determinants 


Σ dy Ary = 0 if t+), 
r=1 ; 


| and Σ ανάς = [α]; 
it follows that 7 “Ta [Ay] =|a]Z. = wees (1) 
Similarly, [44] [444] = [α1. Sate (2) 
From equations (1-8-2) and (1) we see also that 
| | A,,| = |a|"-. ......(8) 


The properties of the adjoint matrix expressed by equations (1) and 
(2) are of great importance. In the special case where a is singular, so 
that |a| = 0, GA = Age. | μον) 
Anticipating results given in ὃ 1.12 regarding square matrices having 
a null product, we can deduce from (4) that the adjoint of a simply 
degenerate matrix a necessarily has unit rank. If a has multiple 
degeneracy, the adjoint is by definition null. 3 


EXAMPLES 
(i) Adjoint of Non-Singular Matrix. 
| -1 4 5 | 17 —17 -- 17 
3 1 2 —-13 -2 8 


The product of these two matrices in either order 18 


~8 0 0 7]=-85,=| 2 0 7). 
0 -8 0 -1 4 5 
0 0. -- 8 3 1 2 


(ii) Adjoint of Simply Degenerate Matrix. 


 |-1 4 8 13. 2 — 
3 1 4 . —13 —2 8 
In this case both products aA and Aa vanish, and A has unit rank. 
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(iii) Adjoint of Multyply Degenerate Matrix. _ * 
00 0 0 
0 0 1 0 
00 0 2 | 
Note that here a is of rank 2 and degeneracy 2, and that A is null. 


1-11. Reciprocal Matrices and Division. Ifa is a non-singular 
square matrix, the elements of the adjoint A may be divided by | a |. 
The matrix so obtained is called the rectprocal or inverse of a, and is 
written αὶ. By (1-10-1) and (1.10.2) it follows that 

qgQt*mata=f, j= = — nesses (1) 
It is easy to see that if a is given, the reciprocal of a is the only square 
matrix z which satisfies the equation az = J. Similarly, a— is the only 
matrix which satisfies za = I. 

If a square matrix is not singular it possesses a reciprocal, and 
multiplication by this reciprocal is in many ways analogous to division 
in ordinary algebra. In conformity with the terms adopted for matrix 
multiplication, we may refer to b-1a (when it exists) as a predivided 
by ὃ, and to ab-—! as a postdivided by ὃ. 

Methods for the computation of reciprocal matrices will be described 
in Chapter rv. 


: EXAMPLES 
(i) Recyprocal Matrices. 
a=-fT3 -—-2 0-1]; α΄ -- ] 1-2 “--4]. 
0 2 2 | 0 1 0 -!1 
j=: =3 <9 afeay ἅ. ὦ 
Ο 1 2 1 2 1 —6 —10 


The product of these two matrices can be verified to be J,. 


(ii) Predivision and Postdivision. 
q= 1 εἰ i 4} | 3 ol 
—1 3] 1 3 —-l] 2 


Predivision of a by ὃ gives 


fe ele 


Postdivision of a by 5 gives — 


[-1 ἀ{{ 3} [-0 a] 
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1:12. Square Matrices with Null Product. In scalar algebra 
the equation ab = 0 can only be satisfied when at least one of the 
factors a and b vanishes. However, if a and ὃ are matrices, their pro- 
duct can be null even though neither factor is null. If one factor is 
null, then obviously the other is arbitrary; but if neither factor is null, 
then both factors must be singular. 

Let ab = 0, where the matrices are square and of order ἢ. Since all 
the elements in the pth column of the product vanish, it follows that 


04,54, + 1253, + ove + Qin Onn = 0, 
ἄφιδι» + Gob, + ese + Gan Ony = 0, 


Ont δι» 23 Ana bon +...+ Ban bap ee 


Firstly, suppose that | a| is not zero. Then the foregoing equations 
can only be satisfied if all the elements of the pth column of 6 vanish. 
Hence 6 is null, i.e. it is of rank 0. The rank of α is ἢ, so that in this case 
the sum of the ranks of a and ὃ is n. Next suppose that [αι vanishes, 
while the cofactors of its elements are not all zero, i.e. let a be of rank 
n—1. The equations can now be satisfied by non-zero values for some, 
at least, of the elements 5,,, and the ratios of these elements are 
uniquely determined. But the elements 6,, in the gth column of ὃ must 
also satisfy the equations and must therefore be proportional to the 
corresponding elements of the pth column. Hence 6 is of rank 1. 
Evidently 6 can also be null, i.e. of rank 0; hence the sum of the ranks 
of a and of b is in this case either n or n—1. 

More generally it can be shown that if the product of two square 
matrices is null the sum of their ranks cannot exceed their order. 
This is a particular case of Sylvester’s law of degeneracy,* which states 
that the degeneracy of the product of two matrices is at least as great 
as the degeneracy of either factor, and at most as great as the sum of 
the degeneracies of the factors (see example (ii)). This law is illustrated 
in a simple way when both matrices concerned are diagonal, with 
certain diagonal elements zero. Suppose the degeneracies of a, 6 are 
}, 4, respectively; this implies that » diagonal elements of a, and q of 
ὃ, are zero. Evidently if » ᾳ and all the g diagonal ciphers of ὃ are in 
positions corresponding to ciphers in the diagonal of a, then the product 
will contain only p diagonal ciphers, 1.6. the degeneracy of the product - 
is py. On the other hand, if none of the 4 ciphers in ὃ is in a position 


* Often called Sylvester's law of nullity. A short proof is given on p. 18 of Ref. 1, 
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corresponding to ἃ cipher in a (which will be possible provided p + q+ η), 
then the product will contain p +4 ciphers; i.e. the degeneracy will be 
pt. 
| EXAMPLES 

(1) Square Matrices with Null Product. Let 


a=fl 0 0 O], b=7T0 0 0 0 
0 1 0 90 0 0 0 0 
0 0 0 0 0 01 0 
0 0 0 0 00 0 1 


Here ab = 0, both matrices are of rank 2, and 2+2+4. Note that if 
the rank of either matrix is increased by the addition of a further unit 
in the principal diagonal, the product cannot vanish. 


Again,if @=fl 111, b=f 38 4 21, 
f 2 2 τ ai = 
5 5 5 ἜΤ 1 π 


then ab = 0. Here a is of rank 1, ὦ is of rank 2, and 14233. 


(ii) Sylvester’s Law of Degeneracy. The validity of this law is 
illustrated by the following considerations. Let a, ὃ have degeneracies 
P, 4, respectively. Then it is possible to represent ὦ by a product Aa, 
where A, « are (7,n—p), (n—p,n) matrices, respectively (see § 1-9, 
example (iv)). Similarly, ὃ can be expressed as Bf, where B, f£ are 
(%,n—q), (n—q, Ὁ) matrices, respectively. Moreover, the columns in A 
and in B, and the rows in ἃ and in f, severally, will be linearly indepen- 
dent. Hence we may write 


ab = Aa BB = Ay, 
where y = αΒβ. 


For definiteness suppose » > g. Then since A has only n—> linearly 
independent columns, and since the rows of y may not be linearly 
independent, the product has at most ἢ -- » linearly independent rows 
and columns, and its degeneracy is thus at least p. Similarly, if g >>, 
the degeneracy is at least gq. 

Next consider the product in the form aBf. Since a has degeneracy 
p, there are p relations connecting the columns of a; i.e. there are p 
columns z such that ax = 0 (see ὃ 1-9). In the extreme case, therefore, 
it is possible for p of the n —g columns of B to give null columns when 
premultiplied by a, and the remaining »—»—gq columns will in fact 


1.12-1.13 REVERSAL RULES — 2b 
be linearly independent. Hence aB has n—p—q linearly ‘dependants 


columns, and the ree of the product αὖ in this extreme case is 
therefore p + q. 


1.13. Reversal of Order in Products when Matrices are 
Transposed or Reciprocated. (a) Transposition. Let A be a (p,”) 
matrix and B an (7, p) matrix. Then the product P = BA is an (m,n) 
matrix of which the typical element is 


Py = =e Σ Β,.4,,.- 


When ἐπατιν θήν A and B ae respectively, (7, p) and (p,m) 
matrices; they are now conformable when multiplied in the order A’ Β΄. 
This product is an (7, m) matrix, which is readily seen to be the trans- 
posed of P, since the typical element is 


Σ A, By = ἔμ: 


Hence when a matrix cola is transposed, the order of the 
matrices forming the product must be reversed. Similarly, if 
CBA=CP=R, thn R’'=P'C'=A'B'C'. 
It is evident that the reversal rule holds for any number of factors. 


(b) Reciprocation. Suppose that in the equation P= BA the 
matrices are square and non-singular. Premultiply both sides of the 
equation by A-!B-1 and postmultiply by P-1; then 4-1B- = P-, 
Similarly, if R = CBA, then R-! = A-1B-1C—. The reversal rule 
again applies for any number of factors. 


EXAMPLES 


(i) Transposition of Product of Square Matrix and Column. Τῇ αἱ = ὃ, 
then 2z’a’ = δ΄. For example, if 


7 4 2) [x,] = [21], 
5 3 1 Ε | 
3 2 lj taj [10 


then [ % %][7 5 3] =[21 14 10]. 
[ 3 4 | 

211 | 

Both of these matrix equations represent the same set of three scalar. 

equations. | 
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| (ii) If. A, Bare Symmetrical, then the Continued Product ABA... BA 
sa Symmetrical. For if ABA... BA = Q, then 


QO = A'B’... A'B'A' = AB... ABA = Q. 
For example | 


[ al A 2 12 ll 1] = [29 17). 
1 ΘΟ 12 11 ee ee 

(iii) The Reciprocal of a Symmetrical Matriz is also Symmetrical. If 
a is the reciprocal of a symmetrical matrix A, then 4a = I. By the 


reversal rule α΄ Δ΄ = α΄ 4 = I’ = I, and postmultiplication by a yields 
ᾶ = a’: hence ἃ is symmetrical. For example, 


4 3 2}2=7-1 1 1. 
3.8 1 1 0-2] 
211) \|Li-2 1 


(iv) The Reciprocal of a Skew Symmetric Matrix of Even Order is 
also Skew Symmetric. If A is a skew symmetric matrix of order n, 
then 4 =—A’. Hence |A| =(—1)"|A’| =(—1)"|A|. When x is 
odd, then | 4 | = 0, so that a skew symmetric matrix of odd order has 
no reciprocal. When A is of even order, let da = J. By the reversal 
tule α΄ Δ’ -- --α' αὶ - Π' =I]. Postmultiply by a: then a’ =—a, so 
that a is also skew symmetric. For example, 


0 1]7Π1 -.ἰ|[|Ὸ --1]. 
[-ὰ δ ht a 
᾿() The Product of any Matrix and tts Transposed is Symmetrical. 
If P = u’u, then P’ = u’u = P. For instance, 
4 2 1][|4(4(΄ 17 =f21 16]. 
[ 7 5. : | "ἡ 
1 -ὃ 


An obvious extension is that if a is a symmetrical matrix, then the 
product u’au is symmetrical, 


1°14. Linear Substitutions. Suppose that 


Yy = Uy %y t+ Uyg%yt 9... Ἔ Uy, 
Y2 = Ug, ©y + Ugg %g + eee + Ug, Uns 


Yn = UnyXy + Uje%e t+... τῶν 
Then the set of variables y is said to be derived from the set x by a — 
linear traneformation, and the equations are also said to define a linear 
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substitution. The whole set of equations can be represented by the 
single matrix equation y = ur aoa (1) 


where z and y are column matrices. The i matrix τὸ is called the 
matrix of the transformation. 

Now suppose that a third set of variables z is derived from the set y 
by the transformation whose matrix is v. Then z = vy = vux. Thus the 
transformation of z into y and the subsequent transformation of y 
into z is equivalent to a certain direct transformation of z into z. This 
᾿ς is called the product of the transformations, and its matrix is the 
product of the matrices of the successive transformations taken in the 
proper order. 

When « is non-singular, equation α)1 may be multiplied by τ} to 
eve wae uty, ewes (2) 
The matrix of the inverse transformation is therefore the reciprocal 
of the matrix of the transformation. If the quantities z, in (1) are 
regarded as unknowns, then their values are given explicitly by (2). 
- Hence the solution of a set of linear equations may be found by the 
calculation of the reciprocal of the matrix of the coefficients, provided 
this matrix is not singular. 

EXAMPLES 

(i) Linear Subsistutions. If 


Y1 = 2%, — 224+ 3a, 
Yg= Ut Wt Xs, 
ὕς Ξ αι ϑας- ἂς, 


and 4= Yi + 2s, 
2, = —- Yat Ys; 
y= 2y, + By, + Ly, 


then zg=fl 0 2-2 8] χπ [4 4 1]. 
0 -1 1]|1 1 1 0 2-2 
2 3 41 3-1 ll Il 6 


(ii) Solution of Linear Algebraic Equations. If 
32, -- 225 - %&= 7, 

(Wet Wet m= 45, 

% — 2%, — 3%,— 24, = — I, 

L_ + 2, y= 6, 
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then  f3 -2 0 -1) fz] =f 7]. 
7 0 2 2 15. a) 
1 --ἪὀἫ -3 -2] ας —1 
0 1 2 Ika, 6 
Hence (see example (i) of § 1-11) 
t%J=f 1 1-2 -4 7] =[-10], 
34} [- -ἸΊΞ. 3 #£46/]-1 21 
Ls 2 1-6 —10 61 L-35 
or %,=-10, 2=—-1, ἅς τῷ 21, 2% =-— 85. 


1-15. Bilinear and Quadratic Forms. If «, y are two sets of n 
variables, a function A(y, xz) which is linear and homogeneous in the 
variables of each set separately is called a bilinear form. Evidently 
such a function has n? coefficients and can be written 


nr 
Aly, x) = x ψι(α,, Ly + yg Vet ... + Aen Ly) 
fr 


=[Y1 Yo ... Yu] ἄπ ἀμ ... Ay vy 


Ony G&ng ++ Onn by 
A bilinear form can therefore be expressed concisely as 
A(y,x) = yax = x'a'y’, 
in which y is a row matrix and z is a column matrix. 

When the sets of variables are identical, so that y = x’, the bilinear 
form becomes a quadratic form, 1.6. a homogeneous function of the 
second degree. The coefficient of x,7,; (1+) in the quadratic form is 
ας, Ἔ ἀρ.» and this will be unaltered if a,, and a,, are both changed to 

$(a,;+4,,). Hence a convenient expression for a quadratic form is 


A(x,x) = x'ax, 
where ὦ is a symmetrical matrix. 
If we make the substitution x = hz, where / is ἃ non-singular square 
matrix of constants, then ΝΣ 
A(x, «) = τ΄ δ αἷξ = z'bz, 


where ὦ is the symmetrical matrix h’ah. When two square matrices 
a and ὃ (not necessarily symmetrical) are related by an equation 
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of the type b= = p'ap, where Ὁ is non-singular, they are said to be 
connected by a congruent transformation. 

The representation of bilinear and quadratic forms* by matrices 
has two great advantages. It is concise, and it emphasises the fact that 
any special properties of the form correspond to special properties of 
the matrix of its coefficients. Examples of its use in relation to 
dynamics will be given in Chapter vm. 


EXAMPLES 


(i) Bilinear Forms having Unequal Numbers of Variables. If there 
are n variables y and m variables x the appropriate bilinear form is 
Aly, x) = yar = α΄ αἱ ψ', where ὦ is an (%,m) matrix. For instance, 


Al(y,2) = [¥1.Y¥n¥s} 1, 2 ia = [%4, 24] 5 3, 7 σι 
3, 0] |x 2,0, -͵Αἃ Yo 
0, --Ἰ 
Ξε ψι(α, + 2.4) + ὃν2 5. -νςῦς. 
(ii) Partitioning of Bilinear Forms. The usual rules for the par- 


titioning of matrices can be applied with bilinear forms. As an illustra- 
tion suppose 


Aly, x) = [ya Yo: Ys) [411% ἀμ] [21]- 
| Go, Fag Aa} ᾿ς! 
ὅ Ag, ὦ x 


If [y1, Ye] = y and {x,, 7,} = ©, we may write 
A(y,x) = [y,Ys][411 419 | % wf ; 


Ι 
oy Fag | (1 


or say A(y, x) = [Y, Ys] bs 4 | 
Ly, 6] Lz 


as rn 


= you + Y fxg + Ys VL + Y3 923. 
ΑΒ a further example consider a quadratic form 
A(x, x) = x'ax. 


* A simple account of the properties of bilinear and quadratic forms is given in Chaps. 
vin to x1 of Ref. 1. 
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Then if we suppose x to be divided into m variables y and k variables 
9, 80 that x = {y, 7}, we may write | 
A(z, x) — [σ΄ 27 — y ‘ 
» O17 

Since ais symmetrical, the submatrices a, ὃ are square and symmetrical, 
and are of the orders m and k, respectively. Further, the rectangular 
submatrices β, y are, respectively, of the types (m, k) and (k,m), while 
β' = y. The expanded expression is 


Ala, 2) = sia slit 
a γυν- δὴ 
=yayty’Pn+ yyy η΄ δὴ 
= ψαν η΄ (β' ἘγῚν Ἔ η΄ δὴ 
= yay Ἐ2ηΎΨν Ἑη δὴ. 
1-16, Discriminants and One-Signed Quadratic Forms. If 


A(z, x) =2'azis a quadratic form of m variables x, then the determinant 
A,,= | α | is usually termed the discriminant of the form. The conditions 
that a given quadratic form A(x, x) shall be one-signed* (say positive) 
for all real values of its variables are of great importance in dynamics, 
and they are connected with the signs of A,, and of the discriminants 
of the forms derived from A(z,xz) by omission of any number of the 
variables x. A brief discussion of this question follows. 

For simplicity assume, firstly, that none of the discriminants in 
question is zero. This implies, in particular, that none of the principal 
diagonal elements ας; of a vanishes. In this case all the terms involving 
the variable z, can be collected together as a perfect square, and the 

‘quadratic form can be rewritten as 


A(z,2) = ἀμίτ, Ὁ +e. + Tia) + B, 
ὔμμ ἄν 


where B is a quadratic form involving all the variables with the 
exception of z,. Treating B in a similar manner, and continuing the 
process, we finally express A(z,z) as the sum of m perfect squares. 


TRUS, S8Y> A(z.) = 5.88 Byht ut Eg SE Ἐξ, sss (1) 
where # is a diagonal matrix the elements of which are all clearly 
rational functions of the elements of a. Moreover, the variables £, and 


* A quadratic form which is positive or zero for all real values of the variables is spoken 
of as a positive definite form. . 
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a will be connected by a linear transformation of the special “‘tri- 


angular” type 
E=ur=[Pl thy Wg --- thim|2, 
O 1 tgs tam 
60 0 1 ΟΝ 


Sseeeesaneseseoeseeesesvesssasves 


and a will be derived from EZ by the congruent transformation a = wu’ Hu 
(see ὃ 1-15). Since | w| = [ι΄ | = 1, it follows that 


EH, Ἐς... E,, = Ay: 
Spas next that z,, = 0, so that also £,, = 0. Then, as previously, 
_ we can prove that 3 | 
| HE, ees ᾿ = An_1) 
where A,,_, is the discriminant of the quadratic form obtained from 


A(x,z) when 2,,= 0. More generally, if z,, = Ey =... = Hy, = 0, 
then 
| E, E,... BE; = A;. 
Hence we find that | 
As As, , gy _ Am 
Hy, ὮΝ A;; 7 E, = “Δι ) E; = A,’ eoey En, = 5 ...(2) 


From (1) it is clear that the necessary and sufficient conditions that 
A(z, 2) shall be a positive function are that all the coefficients # shall 
be positive. Hence by (2) all the discriminants A,,, A,,_1, .... Ay must 
be positive. We could, of course, have reduced A(z,2z) to a sum of 
squares such as (1) by collecting together the variables in quite a 
different order. Each such method of reduction would lead to a different 
set of discriminants, but the final criteria are in fact all equivalent. 

The argument given above requires modification if any of the dis- 
criminants is zero. For example, ifa,, = 0 the first step in the reduction 
of A(x, x) would fail. In this case, leaving x, and z, general and choosing 
the remaining variables to be zero, we have A(z, x) = a,,22+ 2a,,2,%, 
This expression will not be one-signed for all values of x, and 2, unless 
a,, = 0. Since this conclusion applies for all elements a,,, we see that 
if a,, = 0 the form cannot be one-signed unless z, is completely absent 
from A(z, x). More generally, we may immediately rule out all quadratic 
forms having any zero principal diagonal elements. 

Suppose next that, while a,, +0, yet B contains some zero principal 
diagonal elements. By the same argument as before B (and therefore 
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A) will not necessarily be positive unless the variables in B corre- 
sponding to its zero principal diagonal elements are all absent. It is — 
easy to show that in order that, say, x, may be completely absent from 
B the sth row (or column) of elements in a must be proportional to the 
first row (or column). The procedure then is to retain the first row and 
first column of @ and all other rows and columns not proportional to 
the first. The discriminants actually to be used are then constructed as 
before from the matrix ὦ as thus reduced. In these circumstances the 
total number of squares involved in (1) will be less than m. Illustrations 
of some of the possible cases which can arise are included in the 
examples which follow. 


EXAMPLES 
(i) Discriminants all Positive. 


A(x, x) = [%1, Xe, 2» 24] 1-1 2 1) fz, 
-l 3 O -3] 12, 
2 0 9 -—6] ] 2, 


Here we may take A, = 1 and- 


A= Ld. | 2; A, = 1-1 2/|=6; 
big : -,. 3 0 
2 #0 9 
A,=} 1-1 2 1 /]=24 
-1 3 0-8 
2 0 9 -6 
1 -8 -6 19 


These particular discriminants are all positive, and A(z, a) is accord- 
ingly a positive function. It can be verified that A(z,x) is expres- 
sible as 


| A(x, #) = (σι — q+ Qatg + 2q)* + 2(, + Ly — Hq)? + 3( aq — 2.,)3- 4003. 
(ii) Case of Proportional Rows and Columns. 
A(x, x) = [21, eq, Lg, L4] 1-1 2 1) f 2, 
-1 1-2-1] ] 2, 
1-1-4 17} La, | 
Since the second row of a is proportional to the first, the variable z, 
will be absent from B. Omitting the second row and column, and 
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distinguishing the discriminants for the modified matrix by clarendon 
type, we have | 


A,=1; A,=|1 2 = 3; A,=|1 2 1Ξ12. 
271) 2 7-4 
1-4 17 


The form in question is accordingly positive and expressible as the 
sum of three squares. It can be verified that 
A (a, 2) = (ay — gt 2g +24)? + ϑίας- 2a74)* + 42%. 

(iii) If a = u’u, where u is Real, the Discriminants of x'ax are all 

Positive. Let y = ux, where x, y are real columns. Then 
laa = a'ulue = yy. | 

The product y’y is a sum of squares and is therefore always positive. 
Hetice σας is a positive form and the discriminants are all positive. 

More generally, if ὦ is a diagonal matrix of positive quantities, the 
discriminants of σ΄ μ΄ ἄτι are all positive. 


1:17. Special Types of Square Matrix. For convenience of refer- 
ence the formal definitions of one or two particularly important types 
of square matrix will now be given. Some of these types have already 
been referred to incidentally, and exemplified, in preceding pages. In 
the list which follows the matrix concerned is denoted simply as τι, and 
as usual an accent means transposition. If the elements of u are complex 
‘numbers, the matrix with the corresponding conjugate complex 
elements—that is to say the conjugate* of u—is denoted as ὥ. 


εὐ Ξε Sel Se ies Symmetrical | 

u=—w a sais Skew Symmetric, or Alternate 
wt=u τς = Orthogonal 

“= οἱ Ξ Hermitian 


A few additional properties} are given in the examples which follow. 


. EXAMPLES 


(i) Symmetrical Matrices and Determinanis. It is to be noted that the 
product of two symmetrical matrices is, in general, not symmetrical. 


poten 1 21/4 5)=f14 17]. 
2 8]|6 6 23 28 
* The term “conjugate” is used by some writers as meaning “transposed”. 
+ For a more complete account see, for example, Chap. rv of Ref. 2. 
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If [ας] is a symmetrical matrix of order n, the adjoint [A,,] is also 
symmetrical. Since Σ aA, = Ο and Σ aA, =|a|, we have by 
direct ΕΠ ΠΥ νι = | 
1 0 0 nO fg] =[4y Ag 4g, ... 44. 

0 1 O “sa 0 A 


@31 3g Aaa Asn 0 0 fa 0 
Ag Bao Ags Lan PeeseoeeceateeeeSeepavseregusgeeee 
Ont Ong Ong ++ Onn) 0 0 000. .. fa 
Moreover, | .4,,| = |@|"~!. Hence 
| Ια! Ags D4 Asn = A,,A..— Ai, eeeece (1) 
Ag ὥς, Fan 


PseeSeoeceeeeeeonosenervetton 


Ong Ang ++» Onn 

It follows from this equation that if A,, = 0 the two determinants 
on the left have opposite signs. Again, if both |a| and A,, vanish, 
then also A,. = 0: similarly, all other first minors of type A,, vanish. 
Accordingly, if a symmetrical determinant and its leading first minor 
both vanish, then the first minors of all elements in the first row (or 
column) also vanish. An application of this OR to dynamics is 
given in § 9:9. 


(ii) Orthogonal Matrices. The matrix of the direction cosines of 
three mutually perpendicular axes OX,, OX,, OX, referred to three 
fixed axes is orthogonal. For, let (1,1, 115, 243), (lez: 4e9) leg), (231; 15» 433) be 
the direction cosines of the three axes, respectively. Then 

l = La Lis . Lis and ’ = La ler Σὰ . 
Le los log : lie los Lge 
ls, ἴα Ls bes ἴῃ 
Now by the properties of direction cosines 
BitGaths=1, hala thelestlishs = 0, ete., 


so that ll’ =I. Hence /-! =I’, and ὦ is therefore orthogonal. The 
application of orthogonal matrices to the subject of kinematics will 
be considered in Chapter VIII. 
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(iii) Matrices Corresponding to Complex Scalars and Quaternions. If 
I denotes the second order unit matrix, and if Jis the orthogonal matrix 


[5] ee ere (2) 
-1 90 3 | 
then evidently 12 = I, P = ~I, T= HI --ὠ ὦ. Moreover, if 
| al+bl -- «18, 
where a, a’, 6, δ' are scalar multipliers, then a = α΄ and ὁ = δ΄. The 
algebra of matrices of the type aJ + Of, where a and ὃ are scalars, is thus 
identical with that of the scalar complexes a ἰ ἰδ. The complex quan- 
tity α- ἐδ is in fact here replaced by the real matrix [ α at It will 
) —b a 

be seen later that the “latent roots” (see ὃ 3-6) of this matrix are a + +0. 

Next suppose 1 to denote the fourth order unit matrix, and in 
addition introduce the orthogonal matrices 


[= 010 ΟἹ; J= 0 Ol . K= 00 01 
—1 00 0] 0 001 00-1 0 
000-1 -1 000 01 00 
001 0 0-1 0 0 —-1 0 00 

aaa (3) 

Then R=, P= 2=K = TK = -I, ἢ 

1-.11-1, 1 -1-ὖὖῷΘ' IK=KI=K) (4) 


These relations provide a basis for the algebra of matrices of the type 
wl +a +yJ +2K, in which w, 2, y, z are scalars. 

The calculus of quaternions* is concerned with expressions of the 
type lw+iz+jy+ kz, in which 1 is the scalar unit and 1, 7, & are three 
mutually perpendicular unit vectors. The laws of combination postu-— 
lated for 1, ὁ, j, & are precisely those given by (4), so that the two 
algebras considered formally correspond. A quaternion is thus com- 
pletely represented by the real matrix 


q=f[ wn y 2 
|T-2 πὸ y 
-ν 2 wz 
-Ἴ ~y «& ὦ 
The “latent roots” of g are w +4z?+y? +23, repeated. If 
wi+z2+y24+z2= 7%, then 44 = 4φ = ΤΊ]. 
| * See, for example, Ref. 3. 
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In the algebra of quaternions g and φ' would be described as “con- 
jugates”’, while 7’ would be called the “tensor” ofgandq’. 

It may be noted that the four matrices of fourth order used in the 
preceding representation of a quaternion can, when partitioned, be 
expressed in terms of the second order unit matrix and the matrix I 
defined by (2). Hence a quaternion can also be represented as a linear 
combination of the four second order matrices 


ΠΈΣ 


where i = /—1. 


CHAPTER ἢ 


POWERS OF MATRICES, SERIES, AND 
INFINITESIMAL CALCULUS 


2:1. Introductory. In the present chapter we shall consider some 
of the properties of matrices which are expressible as functions of a 
given matrix or which have elements functionally dependent on real 
or complex parameters. In the latter connection the ideas of differen- 
tiation and integration of matrices will be developed. We shall also 
deal with certain types of infinite series of matrices (e.g. that 
defining the exponential function) which are of importance in the 
infinitesimal calculus. — 


2-2. Powers of Matrices. If wis a square matrix of order n, then 
the continued product uuu... to m factors is written u™. In addition 
u® is interpreted to mean the unit matrix [,. By the associative law 


of multiplication, ux u™ = u™x yt = umd, 


and (wi)! = (uly = μὰ 

Hence in the multiplication of powers of matrices the usual index 
laws of scalar algebra hold for positive integral and zero indices. 

The reciprocal matrix u-! exists provided u is not singular, and the 
higher negative integral powers of w are then defined as the powers of 


the,reciprocal. Thus un = (τι 


It readily follows that, provided τ is not singular, the index laws are 
applicable for all integral indices. — 


Reise 
(i) Integral Powers. If w=[3 a, ἀπυϑων (1) 
1-1 
then | _—e .-47][3 -- 4] -- [ὅ τὰ | 
1 —lij1 - }} |2 -- ὃ 


Hence also 
ern Ξ 1: ee “ἢ a gl Εν 
| jg —3l}1 -1} [1 --ἰ|]2 -3} [3 - 
and κε = (u%)? = i _ [ gen = ᾿ — 
{3 -5|[3 — 6 —11 
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Again, the reciprocal of u is [- 1 , 80 that 
-1 3 


Se(u=f-1 4][-1 4]f[-1 4 
ΒΕ τὸ 51 
={—3 8][-} 4] -- [--ὃ 12]. 
m2 αἴτια [πὸ πὶ 
It is easy to verify by induction, or otherwise, that when δ is any 
anteee ας 12), ποῦ. aes (2) 
| | 8, αἴ τὴ] | 
(ii) Fractional Powers. If m is an integer and if v is any square 
matrix such that v™ = τς, then we may write v = uw!" and refer to v as 
an mth root οὔ. The number of mth roots which a given square matrix 
possesses depends on the nature of the matrix, and in special cases 
_ there may be an infinite number corresponding to any assigned value 
of m. Two simple illustrations will make this clear. Firstly, suppose 
« to be the unit matrix J,, and assume a square root to be 


“Ly al 


ἀν pati [ 7 
γία- δ) βγεδι] jo 1 

or βγ--1-α--1--δ with γία Ὁ δὴ τε 0, βία Ὁ δὴ = 
The possible square roots are readily seen to be + ὦ and 


Ly -αἱ 


with a, 8, y related by the condition Py = 1—a* but otherwise arbi- 
trary. Hence in this case there is a doubly infinite number of square 
roots. | 
Next let | u=f3 —4]. 
3 - ἢ 
Then it can be verified by a similar method that the only, possible 
distinct square roots of u are the two matrices 


+f2 —2]. 
‘Lol 
It may be noted that one of these square roots is given by the formula 
(2) with 8 = ἡ. 


Then we require 
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A fractional power of a matrix is commutative with any other 
power, and the usual index laws are applicable to non-singular matrices 
for all real indices. The subject of fractional powers will be discussed 
further in example (iv) of ὃ 3.9. 


2.3. Polynomials of Matrices. The typical polynomial of a 
square matrix u of order πὶ is 


P(u) = pot™ + pur) +... ἘΡ,,.-απ Ὁ Dentin sven (1) 


where m is a positive integer (the degree of the polynomial) and the 
coefficients Ὁ are scalar constants. It is to be noted that the final 
coefficient p,, is multiplied by the unit matrix. The corresponding 
polynomial of a scalar variable x may be denoted by 


P(x) = Dot™ +p, 272+... + Dm io + Pm: 5656 (2) 
Evidently an identity such as | 
ΟΠ ΡΩΡ ΞΡ, tee (3) 
᾿ς involving scalar polynomials, necessarily implies 8 corresponding 


mates Amenity P(u)P(u)=Pit), ὃ ὃθὃϑόσποω (4) 

~ for all the coefficients of the powers of z in the expanded form of (3) 
can be identified term by term with the coefficients of the corre- 
sponding powers of τ in (4), on account of the properties given in § 2-2. 
As a corollary, the multiplication of expressions containing only a 
single matrix is commutative. It therefore appears that the algebras 
of scalar polynomials of a single variable and of polynomials of a single 
square matrix are completely analogous. | 


EXAMPLES 
(i) Factorised Form of a Matrix Polynomial. Τῇ a, a, ..., pm, 816 the 
roots of P(x) = 0, then P(x) = po(x — αι) (%¥— ἀφ) ... (x—a,,). The corre- 
sponding matrix polynomial may accordingly be written in the 
factorised form P(u) ξξρρ(ε -- αι, ἢ (ὦ --α, ἢ)... (U— Gy LZ). 
For instance, let u = bi — 4] and suppose 
1,-1 
P(u) = 8u*—9u+6I 


= 3/5, —8]—9f3, —4]+ 6/1, 0] = [—6, 12]. 
2, --3] {1,-1 0,1 —3, 6 
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In this case P(x) = 3z?— 92+ 6 = 3(4—1)(x—2). Hence also 
τς P(u) = 3(u—I) (u— 21) : 
= ub “4 ᾿ ἢ = ἦα. Ξ > 12]. 
1, —2|[1, Ξ ral 3, 6 
(ii) Theorem on Factorisation of P(A) I—P(u). If P(x) i is the poly- 

nomial (2) and if A is any constant, then 

P(A) — P(x) = = Pam — am). 


The expression on the right is men divisible by Ae: — 2), 80 that 
P(A) — P(x) = (λ-- αὐ S(A, x), 

where S is of degree m—1in both x and A. It follows that 

| P(A) I— P(u) = P(AD) — P(u) = (AT —u) S(AT, u). 

Hence AI — wis a factor of P(A) I— P(u). 


(iii) Lagrange’s Interpolation Formula. If αι, ας, ..., ας, are distinct 
but otherwise arbitrary a then, νόῳ that the degree of 
P(x) does not exceed ἢ — 

Il (a, σι ) 
P(z)= Σ Ῥία,)5Ξ5.------.. 
e 5 TT (@—a,) 
. 8+r . 
This scalar identity is usually known as the Lagrange interpolation 
formula. It gives rise to the corresponding matrix identity 
3. WG@J-u 
P(u)= ΣΡ(α)Ξ:--- τ race 5 
Pode BPO) Ta ταῦ | (5) 
which holds good for all distinct values of the corstants a, provided 
that the degree of P(u) does not exceed ἢ -- 1. | 


2-4. Infinite Series of Matrices. Let there be ὦ ~equence of 
matrices 100» 161. Us, ...,ad inf., which are all of the same urcer, and let 


5,» = Σ U,.- Then the infinite series Σ u, is defined to be convergent 


if every ΡΤ in the matrix S, ΝΗ ΠΡῸΣ to a not i infinite limit as 


p tends to infinity. 
An papers case is that in which the series is of the type 


S= Σ anu, veee(L) 
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where τ is ἃ given square matrix of order ἡ, and the coefficients a are 
all scalar. Methods for the discussion of the convergence of such power 
series and for their summation will be given in §3-9. Sufficient, but 
not necessary, conditions for the convergence can readily be deduced 
from elementary considerations as follows. Suppose U to denote the 
greatest modulus of any of the elements of wu. Then clearly the modulus 
of an element of u? cannot exceed nU?. Similarly, n?U? is an upper 
bound for the modulus of any element of u’, and generally n’-1U" is 
an upper bound for the modulus of every element of ε΄. Hence the 
series whose terms are the moduli of any homologous elements in the 
successive terms of the power series (1) is not greater than 
og = A,+A,0+nA,U*+n?A, UF +... . 
= ("=") Ay+— (ἀφ Ά,θ: 4405: ΡΟΣ οὐὐμενΣ (2) 

where 0 = nU, and A, is the modulus of «,. Accordingly, the matrix 
_ series (1) will certainly converge if the corresponding scalar series (2) 
converges. 


EXAMPLE 
Suppose u=[ 0-15, —0-01], 
—0:25, 0-15 
and S= I[+utuitur+.... 


Here ἢ = 2 and U = 0-25, so that 
3 20 = 1+1+(0°5)+ (0-5)? +... 

= 14+(1—0-5)+ = 3. 
Hence no element of S can exceed 1-5. The exact sum is evidently 
given by S(I—w) = J, or 

3 =(I-u)= be 0-01] = 1 [ 0-85 —0-01). 
0:25 0°85 0.72] —0-25 0-85 

The greatest element in this is 85/72 (< 1-5). 


2.5. The Exponential Function. The exponential function of a 
square matrix is defined by the same power series as the exponential 
function of a scalar. Thus 


Oxpu =eM=J+u+—4+--+..., eeetes (1) 
2. 8 “" 
and | 
exp (—u)=e*=fJ-u+—-—p+ 


32. 8 
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On application of (2-4-2) it is seen that a dominant series for each of 
the series which constitute the elements of exp τὸ is | 

c= 5 +— : 3  ἾΡ (nV), 


where U is the greatest rte in «. The exponential series thus 
converges for all square matrices wu. 
The scalar exponential function has the property 
ent¥ = eeY, 

which is proved by direct multiplication of the two series on the right 
and identification of the product with the series on the left. Clearly, 
the result of the multiplication of the matrix exponentials exp u and 
exp v will correspond to that given by the multiplication of the scalar 
functions provided that uw and v ate permutable in multiplication. 


BDO eve” = eve¥ = εἶν 
whenever “ and v commute. In particular, this condition will be 
satisfied if « and v are polynomials of a given matrix. It should be 
noted, however, that (2) will not be valid if ὦ and v are general matrices 


of the same order. | 
From (2) it follows that 
eve = e-vet = J, 


Hence exp and exp (— 1) are reciprocal. 


EXAMPLE 
Remainder after 8 Terms. An expression for the remainder after 8 


terms of the exponential series can be derived from the known scalar 
identity | P ἐς 
ae x . x 1 og 
e* = reer Ρὰ Sue ‘pl hal, (i —z)*l edz. 


The corresponding identity for a matrix of order ἢ is 
ye 


= εἴ Bt tea i + Fes 
| "8 1 Sy 
where* R, = pa : (1 —z)*1 edz, 


If U is the greatest modulus of any of the elements of wu, and if [1] 
denotes the square matrix of order 7 having all its elements unity, then 
* See § 2:10 for definition of the integral of a matrix. 
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clearly exp (nU) [1]>exp (uz) for all values of z within the range of 
integration z = 0 to 1. Further, n*-'U* is an upper bound for any | 
‘element of ε΄. Hence an upper bound for the value of R, is 


,,5--1[7ς - 1 (οὐ 
py We (| apts = πον 


enU [1]. 


26. Differentiation of Matrices. The elements of a matrix are 
often functions of a variable, say ¢. When it is necessary to exhibit the 
functional dependence of u on ¢, the matrix is written w(t) and the 
typical element is u,,(¢). However, the simpler notation ὦ and 1,, is 
usually sufficient, since the functional nature of the matrix will be 
clear from the context. 

If ¢ receives the increment δὲ, there will be corresponding increments 
of the elements of w, and the matrix of the increments may be written 
éu. The differential coefficient (or derivative) of u with respect to ¢ is 
then ‘defined by the equation | 

ἄπ .. δὼ 
dt eee δε᾽ 
Hence the elements of du/di are the differential coefficients of the 
corresponding elements u. An immediate deduction is that 
d 
Φ (tip + tg) = St θα, 
If w = u,u,, then 
w+ dw = (u,+ du;) (Ua + dug) 
= Uy Ug t+ (Buy) Ug + Uy( bg) + (Ouy)(Sus), 
and on neglect of the second order term, this gives 


ὦ ς΄ (dug\ (ἄπ) 


More generally the derivative of a continued product is formed as for 
scalar expressions, except that the original order of the factors must be 
preserved throughout. For instance, | 


dt —- dt dt dt’ 
and there is a similar expression for the derivative of any positive 


integral power of a matrix. Again u—!u = 1, and it readily follows that 
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As for scalar functions, the symbol D will sometimes be used. as an 
du 


5.7 Thus a = Du, and 


abbreviation for a differential operator such as ἃ 


more generally a = Du. 


7 on derivative will also often be denoted by: "ἡ and in particular 


Du= ary The accent notation for derivatives will be avoided, as it might 
be confused with the operation of transposition. 

In the multiplication of matrix products which involve the differ- 
ential operator D, care should always be taken to make sure which of 
the matrix products concerned are subject to the differentiation. For 
instance, both sides of the matrix equation Du = v can be premultiplied 
by a conformable matrix w to give wDu = wv. On the other hand, if 
both sides are postmultiplied by w, the result should be written 
(Du) w = vw and not Duw = vw. 


EXAMPLES 
(i) Differentiation of a Product. Let 


U,= bee a, sin ἢ and τς = few ἕ, cos | : 


cost, sinf sini, sina 
(1) ἃ) : 
Then u=f 0, 0 and wu, =] —siné,0]. 
—sint, cost cost, 0 


Hence, if w = u,u,, we have 


(1) (41) (1) 
W= Uy Ug Ὁ Uy Ue 


= [cosa, sina] [-- δια ἑ, 0 Ἢ 0, 0 "Ὁ; coe 
cost, sint}| cost, 0 —sint, cos¢|| sin ¢, sin a 
= fsin(a—t),0]+]0, 0 = Isin(a—t). 
0, 0 0, sin (a—?) 
_ This may be verified by differentiation of 
w= je a, sin 7 jee t, COs ‘| = ω (a—t), I | 


cos ἔ, sin ὁ} | sin ¢, sin a 1, cos (a -- ἢ) 


(ii) Taylor's Theorem for Matrices. If u and v are permutable square 
matrices, the algebra of polynomials involving no other matrices than 
these (and the unit matrix) is formally identical with scalar algebra. 
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In this case if P(u) is a cane of — mM, 


P(utyv) = P(u)+ »P(u) Pal - Pu) +P as +o im “ Plu), 


| \2 
(i) 3 

where P(u) is the usual ith derived function of P(u), namely, the 

matrix polynomial obtained by substitution of u for x in the scalar 


polynomial = τ᾿ ; P(x). In particular, if h is a scalar 


h™ 


P(uthl) = Ρ(ω)- hP(u) = * Plu) +...+— = P(u). 


2΄ 

(iii) Differentiation of a Function of a Matrix with respect to the 
Matrix. The differentiation of a matrix function f(w) with respect to u, 
which has already been illustrated in example (ii), can be defined more 


enerally as 
i im [ Let =LO 
h->0 
where v is permutable with u and ἢ is a scalar. If Taylor’s theorem can 
be ἌΡΡΙθα, then 
tim | + hv) ae aa 
h—>0 
= lim fl ee fu) + ] : 
= of(u)+—f(u)+... | o7 
h->0 ( 2 
(1) 
= f(u). | 
2:7. Differentiation of the Exponential Function. If ¢ is a 
scalar variable (real or complex) and τὸ is ἃ matrix of constants, the 
function exp (ut), defined similarly to (2-5-1), is 
ut | 
exp (ut) =e = 1 "πὲ τ τος teens sawn (1) 
2 
An application of the formula (2-4-2) shows that the foregoing series 


is absolutely and uniformly convergent for all values of ¢. Now the 
series obtained by differentiation of (1) term by term with respect to ¢is_ 


| 872 
bathe te = ue, 


2 
Since this series is absolutely and uniformly convergent, it repre- 
sents the differential coefficient of exp (ut). Hence 


De4 = Fe) = μεν = ey, saves (2) 
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More generally De“ = yet = e%u™, 50 that if P(D) is any polynomial 
of the differential operator D, | 
P(D) e = P(u) e# = e#P(u). 
In the calculus of scalar functions 
P(D) (e#X) =e*®P(D +a) X, 


where P(D) is any polynomial of D, and X is any function of ¢. It will 
be useful to consider whether a similar rule is applicable for matrices. 
Suppose v(t) to be a matrix, not necessarily permutable with wu. Then: 


Dev) = e#Dv+ eMuv = e(ID +4) v. 
Again, D%(e“y) = De“(ID+u)v = e(ID+u)(ID+u)». 


The result may be written 
D*(e“v) = eM( ID +)? v. 
Similarly, D™ (ey) = e( ID +u)™»2, 


and more generally P(D) (e“v) = e“P(ID +) v. 
This result is valid when u is a matrix of constants, and υ(ἐ) is a matrix 


not necessarily permutable with u. When the order of the matrices is 
reversed to give P(D) (ve“) there is no corresponding simple formula. 


2:8. Matrices of Differential Operators. The use of matrices of 
differential operators is often a valuable aid to conciseness. As examples 
of branches of mathematics which naturally invite treatment by 
operational matrices we may refer to the theory of linear differential 
equations (see Chapters v, VI, VII) and to analytical dynamics (see 
Chapters VIII, Ix). 

To show how such matrices arise, let us suppose that we have to 
deal with a pair of first-order linear ordinary differential equations 
such as dy dy 
tua tian +% + Uy 393 = ἢν 


" 
| ts E+ tts + Dan + tans = Ne, 


in which the coefficients v,,, τῳ, are given constants and 7,, 9, are 
functions of t. These equations can be expressed without ambiguity as 


[Dien euDewellyl lad 
Ug, πω, Veg D+ [ἢ 
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The operational matrix on the left may be denoted simply by f(D), 
and the equation can be abbreviated to 

S(D)y = η. 
Similarly, if the differential equations were of order higher than the 
first, the appropriate matrix f(D) would have for elements polynomials 
of the operator D. 

Matrices of partial differential greedeues often arise in connection 
with problems involving several independent variables. If the in- 
dependent variables are denoted by 2,,2,, ...,%,, the simplest opera- 
tional matrices of this type are the column 


(ot = fa 2 | 
ὃ.) Ox,’ day’ ” Oa,” 
and the row [ας [5 Ee Ba? 3 |: 


EXAMPLES 


(i) Matrix Differentiation of a Matrix Product. As an illustration of 
the matrix differentiation of a matrix product, suppose ¢(D) to be an 
operational square matrix of order 2, and let 


k=[ky, Κα] and M(t)=[es 01, 
hare ‘oon 
where A,, A,, and the elements k,,, are constants. Then — 
P(D) (kM) = ree fee a ye . 
Pa(D) Pag(D)i Lerrka, e*k, 
By the usual properties of differential operators this product reduces to 
φιι(λι) 67343 + Pyg(Az) €*%kg1, φιιί(λᾳ) θλείζοις + Pia(Ag) Fn , 
φ,ι(λι) e*yy + Dag(Ay) ολυίζ,.. Φφαι(λᾳ) ekg + Pag(Ag) ek, 
Hence 7 | a 
P(D) (kM) = ων ι) μι + Φιαίλι) Bar, φιν(λᾳ) hig + Φιαλίλε) ἔμ] ΗΠ. 
φᾳι(λι) ἔχε + φεείλῃ) kegs, Par(Aa) ky + $aa(Az) ks 


ΠΑ generalisation of this formula will be used in §6-4 to obtain the 
solution of a system of linear differential equations with constant 
coefficients. 
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(ii) Differentiation of Bilinear Forms. In applications to dynamics 
it is often necessary to differentiate bilinear or quadratic forms partially 
with respect to their variables. Let the bilinear form be (see § 1-15) 


Fat pst 


Aly,%) = yax=wx'a'y’, ———aecaee (1) 
in which there are n variables y and m variables ὦ, and a is an (7, m) 
matrix. 
_ Firstly, differentiate A(y,z) with respect to one of the variables y, 
say y,. Then 


0A 
ie [1, 0, 0, ..., O] Ga = yy, + αι) t+... + Aim%n 
ὃ 
Hence ta )4- ae διὰ E ees 
OY; ὃν, 
_ 0 1? = 
Similarly, | [514 =ay’ and [ὃς A = γα. 


Again, suppose A to be the quadratic form 
A(v,2)=a'ax, j= = νὺ). ὠς (2) 
in which the square matrix a is now assumed symmetrical (see ὃ 1-15). 
Then 2 
(2\4=2 = 2a% and la A = 22a. ......(8) 
If the variables x, y and the coefficients a,,; in (1) are all functions of 
a parameter ¢, and if the differentiation is with respect to ¢, then 


dA ὧν κα da dx 
a a ee 
while if A is the quadratic form (2). 
dA dz’ ,da , de dx’ 


---αα ια΄ —-£2+4+2'A— = 2-— ace +a! a, 
dt dt dt dt dt dt 


2.9. Change of the Independent Variables. The usual 
formulae of the differential calculus for the change from a set of n 
independent variables z to another set y are 

δ 2 oy; ὃ 
Ox, 751 Ox; Oy,” 
in which = 1, 2, ...,. These relations can be expressed conveniently as 


(=| =a' (I, are (1) 
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in which α΄ is the transposed of the matrix 


wef MH NT. 
| 0a, O2%, ~ Oy 
ὃν; Ye ὀ ὃν, 
0%, ὃ, | Oy 
0%, Oe Ἂ 
Similarly, (== = ats δε) "tbat (2) 
A Ὁ 


where ὁ is the matrix obtained when z and y are interchanged in a. 
ron | ὃ 0 

From (1) and (2) it follows immediately that ἘΠ = a'b’ fa ; 

so that a’b’ = I; hence ba = I = ab. These yield the familiar rela- 


tion |a||5|=1 between the Jacobians ja] agentes. and a 
1» ὅν» +++) Uy 


[6| wz Olay Bay oo Zn) It follows also that the adjoints A, B of a, ὃ, 


~ OY 1, Ya» ""-» Yn) 
respectively, have the properties 
A=blal|; B=alb|; AB=I. wees. (3) 


A further property is given by a theorem due to Jacobi, which 
states in effect that 


0 ὃ 
| |4=0 and [π᾿ ἥ οὶ 4 
& (4) 
_ For instance, if n = 3, and if A,,, 4... 4.5 are the cofactors of the 
elements in the first row of a, then E [4....4..» Ais} gives 
2 


ἐς (ot ess σὴς τ (pes et — pe) oe (us ee es), 
Ox, λῦχ, Ot, OX, Ox Oe, Ot, 0%, O%,0%,) Ox,\0x, 0x, O04, 02 
and this vanishes identically. In the same way it can be shown that 


the other columns of A are annihilated by the operator E . The 
7 1 


truth of the general theorem can be verified on similar lines. 
In the transformation of expressions which are quadratic in the 
differential operators, it is necessary to use in addition to the sub- 
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stitution (1) a substitution for the operational row lal: Now a 


direct transposition of equation (1) leads to the substitution 


[5] = Ee | Gps sida (5) 


where the cipher suffix indicates the restriction that a is to be un- 
affected by the differentiations 0/dy,. This restriction, which is very 
inconvenient, can be removed by the following elegant modification 
of the substitution due to Smith.* 

Let {B,,} denote the rth column of the adjoint matrix B, and suppose | 
¢ to be any scalar function of the variables. Then by (4) and (2) 


| ay, | nd 6 = Bash + Base +.. + Bn ΘΙ 


tal 
L ri] Oy, φ 
= Bylo’ =} 9 
re \dx,) τ᾿ 
Since 6B = [δ] J, and therefore also B’b’ = [ὁ 1, the last expression 
reduces to [ὁ] ea Accordingly by (3) 


| ay, | 121 feuds = 10158 


so that ἱτ- Ια = [>|] ὅς φ. 


Since ¢ is arbitrary and |a||b| = 1 we obtain, as an equivalent to 
(5), Smith’s transformation 


a 0 τὰ 
[ὅς [τ α}[ν | a | Qe i .« ieee (6) 


HXAMPLES 


(i) Lanear Partial Differential Equation of the First Order. If the 
given differential equation is — 
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where w,, 105» ...) 6, and Ψ' are given functions of the πὶ variables 2, 
the matrix equivalent is 2 
us) {oO = ῦ. 
t 


When transformed to new variables y the equation becomes by (1) 


μα ὁ ¥ 


(ii) Transformation of the General Laplacian Operator v2. The general 
Laplacian operator in 7 variables is pgs . ot 


= Gai δῖ +i =| oe = 


After transformation to new racine, y this operator becomes by (6) 


and (1) V2 = |a| EA | a |~* aa ear 


In the important special case where y, = const., y, = const., etc. 
are orthogonal, the product aa’ reduces to a diagonal matrix. 

As an illustration let us consider the transformation of the usual 
3. 653. 
oy? ΤΣ 


coordinates r, 0, d. The relations oak the variables are here 


three- dimensional operator V?= == - ἘΞ: to spherical polar 


z=rsinOcos¢; y=rsinOsing; z=rcosd. 


Assuming 2, y, z and r, 6, ¢ to correspond, respectively, to 2,, Tg, 73 
and ¥;, Ya, Ys, we have 


ὁ -- [ὃ a 9.7 =[sin@cosd rcosPcosd —rsind sing]. 
Or 00 o¢ sindsing rcos@sing  rsin@cosd 
oy ὃν oy cos —rsind 7 0 
or 06 οὠ 
ὃ; ὃὲ 8ὲ 
or 00 οὠῴ 
This readily yields | b| = |a|-! = r?sin0, and 
er l r? sin?@ cos ᾧ r?sin?@ sing  7r%sin@ cos@], 
r'sin@| r2sin0 cos? cosg rsinOcosOsing —rsin®6 
—rsin ᾧ r cos ᾧ 0 
so that aa’ = ~— : : ee ele 
τ βη3θ 0 sin*@ 0 


0 0 1 
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The transformed operator is accordingly | | 


va__! [ὃ ὃ a7frtsine 0 a |e 


~ risin6| or’ ὅθ᾽ 261] o sing 00 | la’ ὅθ᾽ δῴ 
0. 0 1μβη0 


= a5 (5) 1. ὃ 62.) 4 1 @ 
~ 8 Or \" Or) * resind 06 ee” 3G régin2@ 062° 
2°10. Integration of Matrices. When the elements of wu are 


functions of a variable ¢, the integral of u with respect to ἐ taken between 
the limits ¢, and ¢ is defined to be the matrix which has for its (2, j)th 


᾿ t β 
element | u,;at. The integrated matrix is often written Οἱ τι. When 
te 


no uncertainty can arise as to the range of integration, Οἱ may be 
abbreviated to Q. | 

In defining the integrated matrix Qu we have tacitly assumed that 
the elements u,; are continuous functions of a real variable ¢. The 
definition applies equally to a complex variable t, but in this case the 
variable must be viewed as represented in an Argand diagram (¢-plane), 
and the integrations of the elements must be performed along a suitable — 
path or curve connecting ἐρ and ¢ in that’ diagram. The path of in- 
tegration can be chosen arbitrarily, apart from the restriction that it 
does not encounter certain “barriers” which can be constructed from 
a knowledge of the singularities of the elements. These barriers may 
be taken as the straight line continuations to infinity of the radii 
joining the point ἐρ to the singularities.* 
_ An upper bound to the elements of an integrated matrix can readily 
be found as follows. Suppose U to be the greatest modulus of all the 
elements in w(t), so that for all points ¢ of the range (or path) of integra- 
tion, | u,,(¢)|<U. Then, if ¢ is a real variable, by a known property 
of integrals ι : 
[ μι (() dt < | ; [ως ,([) | dt< U(t—t). 
Hence Qu < U(t—ty) [1], 
where [1] is here used to denote the square matrix of order n having 
units for al] its elements. More generally, if ¢ is complex, let τ be ἃ 


* The singularities of any element are the points at which that element ceases to be an 
analytic function of f, i.e. at which the element fails to satisfy the conditions of being single- 
valued, continuous, and of having a unique derivative. The system of “ barriers” referred 
to is spoken of as a “ Mittag-Leffler star” (see for instance § 16-5 of Ref. δ). 
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current point on the path of integration, o the arc of the curve up to 
the point ¢, and s the total arc from ἐρ to ¢. In this case 


t t 
U,(T)adT< { | u,,(7) dr |< an da < Us, 
ἐς ΙΝ 0 
so that Qu < Us{[1}. 


2.11. The Matrizant. A brief discussion will now be given of series 
of a special type which are built up by means of repeated integrations — 
of a given matrix u(¢). These series have their origin in the theory of 
systems of linear differential equations of the first order (see § 7-5), 
and to illustrate how they arise naturally, we shall begin by con- 
sidering the single scalar linear differential equation 


ἐν = κἢν. 


For simplicity assume the variables to be real, and suppose that a 
solution is required such that y = y, at ¢ = t). Direct integration with 


respect to ¢ yields ᾿ | 
yi) =r] fidutddry ve (1) 
in which 7, is a subsidiary variable. For the particular value ¢ = τὰ 
this equation gives | - | 
| ᾿ ψίτι) ΞΞ Ψὸ ε F(t) y(T2) 472, anaes (2) 


where the subsidiary variable is now written 7,. On substitution for 


y(7,) from (2) in (1) we obtain 


t t Τι 
it) τ ϑοτνο[, Λσυάτ, ε | flew) | Λτωνίτη ἀράτω 
and continued applications of (2) lead to the result 


where 


| t τι 
oars frat] ted [{ τὼ ἀτράτι 


ay [ F(t) [“ (T2) [ (1,)d7,d7,d7,+ .... 
In the notation of § 2.10, this series would be written more concisely 
= OL A)=1+ AS + ALGUL + o> 


or even more simply as 


Q(f) = 14+ Of + QF OF+ 0 0 :...Ψ. 
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A correct interpretation of this series is important. ‘I'he meaning of 
the first integral Qf is obvious. To obtain the next term Qf Qf we first 
form the product fQf, and then, treating ¢ in that product as a current 
variable, integrate between the limits ¢, and ¢. The succeeding terms 
QFOfOf, etc. are formed in a similar manner. The series formally 
satisfies the given differential equation and the assigned condition 
Ψ =Y at t=). However, before it can be accepted as a genuine 
solution, its convergence must be established. The proof is very simple. 
It is assumed that, for all values of ¢ concerned, a positive number A 
can be chosen such that | f(t) | <A. Then Qf<A(t—t,), so that 

t 2(¢ 4 )2 
OfOf< A? (ttt ὍΣ, 

to 

and so on. Hence 

2(4 —¢,)2 

O(f)< 1440-4) +. 
< eAi—b). 

This shows the series to be absolutely convergent. 
Suppose now that we had commenced with a system of n simul- 


taneous first-order linear differential equations instead of with a single 
equation. Such a system of equations can be written concisely as 


Here y denotes the column of n dependent variables, and τ is a square 
matrix of order ἢ having for elements given functions of ἐ. Direct 
integration gives t 
ut) = lto)+ | ἀ(συ νίσυ) ὅτῳ 


where y(f) is the column of values assigned at ¢ = ἐρ. A process of 
repeated substitution and integration, precisely analogous to that 
already described, leads to the formal solution 


y(t) = Qu) y(t), 
in which Q(w) is the matrix series _ 
O(u) =F, + Qut+ Qu Qut Qu QuQut.... sseeee (3) 


This expression is called* the matrizant of u. Care should be taken to 
interpret the meaning of the series correctly. The first term is the unit 


* The term is due to Baker; see p. 335 of Ref. 6. 
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‘matrix of order ἢ, and the second term is the integral of u taken between 
the limits ἐγ and ¢. To obtain Qu Qu, we multiply wu and Qu in the order 
uQu, treat ἐ as current in the product matrix, and again integrate 
between the limits ¢, and ¢. The remaining terms are formed in succes- 
sion in the same way. 

The proof of the convergence of the matrizant follows the lines 
adopted for the scalar series. The variable ¢ will be assumed to be 
complex, as no additional complication is thereby involved. The 
integrations are then supposed effected along paths in the Argand 
diagram (t-plane) which do not encounter any of the barriers referred 
to in § 2-10. In the region of the ¢-plane under consideration let U,, be 
an upper bound for the modulus of the typical element ~,,(t), so that 
[τῳ <U;,,; further, let U be a positive number such that U;,;< U for 
all the elements. Then, in the first place, 


Qu < Us(l], 
where 8 is the arc of integration from ἔρ to ¢. Similarly, 


t 8 
QuQu= x uQudt< [ow Us{1} ds, 
nU%s2 | 


or QuQu< “ [1]. 
ΝΕΗ 
In general, for m repeated integrations 
| ηι--1 {7π| mm 
QuQu... Qu<-—__— = 5 [1]. 


nU%32 n*U338 
[ΠῚ 

3 β΄ 

Each of the series comprising the elements of Q(u) is accordingly 

less than 


Hence Q(u) < I+ ὕ4[17-Ὁ 


—q7 LI +-- 


n—1+envs 
n 


S= 
It follows that the series in question are absolutely and uniformly 
convergent in the part of the t-plane under consideration. 
By differentiation of the series (3) it follows that 
— £ Ou) = UQ(u), = wee (4) 


Other properties of the matrizant are given in § 7-6. 
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) EXAMPLE 7 
The Matrizant of a Matrix of Constants. Suppose u to be a matrix of 
constants. Then 
t t 277 ¢.)2 
δῶν. uf dt = ἀρτίῳ; QuQu = wtf (tt) dt = san ae , ete. 
te : | 7 


Hence in this case 
u(t — ty)? Ὁ 
Q(u) = I[+u(t—t)+ +etc. = et), 


2 


Equation (2-7-2) is a particular case of (4). 


| CHAPTER, ΤΠ 
LAMBDA-MATRICES AND CANONICAL FORMS 


3-1. Preliminary Remarks. Part I of the present Chapter gives 
an account of some of the properties of matrices which have for their 
elements polynomials of a parameter. The study of matrices of this 
type may be regarded as preparing the way for the applications to 
linear differential equations considered in Chapters v and v1. In Part IT 
the important conception of the equivalence of matrices is explained, 
and a brief review is given of some of the canonical forms to which 
matrices can be reduced. | 


Part I. LamBppa-MATRICES 


3-2. Lambda-Matrices. A square matrix* {(A)—or more briefly 
f-—the elements f,,(A) of which are rational integral functions of a 
scalar parameter A, is referred to as a A-matriz. If N is the highest 
degree in A of any of the elements, then f is said to be of degree N. 
Such a matrix can evidently be expanded in the form 


f = A, AN + A, AN1+ re +Ay_,A+Ay, 


where A,, A;, etc. are matrices independent of A. A A-matrix is accord- 
ingly a polynomial in A with matrix coefficients. The matrix A, will 
be spoken of as the leading matrix coefficient. 

The rank of a A-matrix is defined as follows: If at least one of the 
minor determinants of f of order r is not identically zero, whereas all 
the minors of order greater than r do vanish identically, then f is of 
rank r. | 

It should be noted that in the foregoing definition the stated con- 
ditions must be satisfied for a general value of A. If particular values 
of A are assigned, a A-matrix having rank r in accordance with the 
definition may actually acquire a rank less than r in accordance with 
the definition of § 1-9. | 


* Rectangular j-matrices will not be considered here. 
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EXAMPLES 
(i) Non-Singular 2-Matrices. | 
Order 3, degree 1: 


f= [2λ--, λτῚ 2, -3 ]=f2,1, OJA+f-2, 2,-831. 
8λ--1, A, --Ἰ 3,1, 0 =i. ὁ; - ὦ 


-πὶ, 4λ--8, --λ} 0, 4, —1 -1,-8, 1 
Order 2, degree 2: 7 
f = [7A2— 340+ 102, 3A2—6A + 28). 
3A2—18A+4+ 50, 2A?—2A+ . 
(ii) Singular A-Matrices. 
Order 3, degree 3, rank 2: 
 f=P λὶ A, Δλ8:}1 
A?—1, A?+1, =A 
A8, A+ 2A, 2A24+1 
Here | f | = 0, but the first minors do not all vanish identically. 
Order 3, degree 2, rank 1: 
f = [A?’, 2A2, 3A?]. 
A, 2A, 3A 
I, 2, 8 
3.3. Multiplication and Division of Lambda-Matrices. Let 


J, g denote two A-matrices of equal order and of degrees N and M, 
respectively. If their typical matrix coefficients are A,, B,, respectively, 


the product gf formed by the usual rules is 


Μ Ν ΜῈΝ | 
of = (= Β,λΜ-ἢ ( Σ 4, λν-ἢ = DS αἰλϑεν- 
== 0 i=0 κα 


and generally G.= Σ B;A;. 
i+j=k 


The product is therefore a A-matrix of degree N+ M provided Οὐ is 
not null. A similar conclusion is valid for the product fg. 

The reciprocal matrix f-1—the elements of which are obtained by 
division of the appropriate cofactors in f by | f |—is not, in general, a 
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A-matrix. A special case of importance in applications to differential 
equations (see Chapter v) is where | f | is independent of A and not zero. 
The reciprocal f—1 then is a A-matrix. 

From the preceding remarks it is seen that normally a product sich 
as gif, where both f and g are A-matrices, will not be a A-matrix. We 
shall now show that, if B, is not singular, it is possible to express the 
᾿ Tesult of this predivision in the form 

| g3f=Q+g?R, Ὁ ὃὖὃΘὃ8ΎΛΠΡ ἫΝ 
where the quotient Q and the remainder R are A-matrices, and the 
degree of R is lower than that of g. A convenient alternative to (1) is 
f= 9Q+R. i een (2) 

To establish (1) we note firstly that if the degree UM of g exceeds N, ἃ 
solution of (2) which satisfies all the stated conditions is Q@ = 0 and 
R =f. Dismissing this trivial case we proceed on the assumption 
that M < N. The identity to be satisfied is then of the form 
A, AN + A,AN-14...4 Ay A+Ayn 

= (BAM + BAM +... + By) (ΟΝ + Qi ANB +... + Qn_m) 

+ RAY 4 RAM? 4+...4.Ry_1. 


Equating the coefficients of the successive powers of A we thus require 


A, = ByQp; 
A, = BQ, + B, Qo, 
Ay_y = By Qy_m + Bi Qn_u_it---+ ΒΝ ΜΘ, 
together with 
ΑΜ = ByQy_m+ BeQn_y_it +--+ By_mi1Qot+ Ro, 
Ay_mia = Be Qn_u+ By Qy_uit +--+ By_mi2Q0+ Ri 


ena eee eee ese aeseeseeaeeeeteeeeeaoeaeHeaveeseoseeseeeseesCeeeeeevnesteeteseerenesanes 


Ay = By Qn-umt+Ry-1- 


Provided B, is not singular, the matrix coefficients Q, of the quotient 

are uniquely determinable in succession by (3), and those R, of the 
remainder are then given uniquely by (4). 

In asimilar way it can be proved that, if By is not singular, a unique 
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quotient Q and a unique remainder R of degree less than that of g 
can be found such that f=Qg+R. ἡ 


The operations expressed by equations (2) and (5) are sometimes 
referred to as division on the left and division on the right, respectively.* ἢ 


EXAMPLE 
Division on the Left and on the api Suppose 
| f=f2a- a and g=[A?+1,A]. 
a Γ 
The degrees of f and g are τες ἫΝ 1 and 2. The identities corre- 
sponding to (2) and (5), with f placed on the left of the equation in 


each case, are both trivial, since M>N. On the other hand, if f and g 
are re interchanged, the appropriate identities are respectively 


ere “2 pe ex Ἢ A+ 7, ry ins τ 


3, 1] ἰ8λ-΄, A [[3λ--29, 3 10,0. 
o ae! = ore ey Εαε δα P| 
3, 1 0, 8λ-1, A 3, 1 


3.4. Remainder Theorems for Lambda-Matrices. Let f be as 
defined in § 3-2, and suppose τ to be a square matrix of the same order 
with elements independent of A. Write 


flu) =uNA,+uN-14,4+...4+Ay, 


N-1 
80 that flA) fal) =D [AT 4—u4] Ay, 
3 3 tm 0 
Now 
(Al )N-#— yN—t = (AT —u) Ιλ τα 4 ud 41-24. + δ τ), 

Hence AJ — wis a factor (on the left) of f(A) —f,(w), and we can therefore 
write FA) fa) = (AT —2) QA), , 
where Q(A) is a certain A-matrix. Accordingly f,(w) is the remainder 
when f(A) is divided on the left by AI —w. 

Similarly, it can be shown that when /(A) is divided on the right by 
AI —u the remainder is 

fa(u) = Agu’ + AyuN-14.. -tAy. 
An important application of these remainder theorems i is given in 


§ 3-7. 
* See § 2-08 of Ref. 7. 
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3.5, The Determinantal Equation and the Adjoint of a 
Lambda-Matrix. Let A(A) denote the determinant of a A-matrix f(A) 
of order m, so that 


A(A)=| ful) fal) + fan() 

| Fala) fag(A) are Sam(A) | 
| | FmilA) fna(A) +++ Sam(A) 
‘Then A(A) = 0 is termed the determinantal equation, and its roots are 
denoted by A,, A,, ...,λ,» Where 7 is the degree of A(A) in A. These roots 
are not necessarily all distinct, but it is convenient to specify them by 
n distinct symbols. 

The adjoint F(A) of f(A) is itself a A-matrix. It has the properties 

F(A) F(A) = P(A) F(A) = 1Δ(λ), 

and differentiation p times with respect to A gives . 


(fF) = = (Ff) Sale Asse (1) 
The products in (1) can if necessary be expanded in terms of F(A) and 
᾿ the derived adjoint matrices FA), FO), etc. 

The following theorems are of importance: 

(A) The matrix f(A,) obtained by substitution of any root A, for A 
in f(A) is necessarily singular. When A, is an unrepeated root, f(A,) is 
necessarily simply degenerate. 

(B) When f(A,) has degeneracy q, at least g of the roots A,, Az, ...; 
A,, are equal to A,. 

(C) The matrix f(A,) is not necessarily multiply degenerate when A, 
is a multiple root. 

(D) When f(A,) is simply degenerate, the adjoint F(A,) is a matrix 
of unit rank and is expressible as a product of the form 

F(A,) = {Reyes ἔκ,» -++s Hing} [Kigs Kags «+2 Kina] = {Kis} [Κα], 
where k,,, Κὶς are constants appropriate to the selected root, and at 


-least one constant of each type is not zero. For conciseness the fore- 
᾿ς going relations will often be written 


F(A,) = kk. 


- When this abbreviated notation is used the column matrix k, and the 


_ row matrix «, will be understood to be appropriate to the root A,. 
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.(Ε) When f(A,) has degeneracy g, where g>1, the adjoint matrix 


3 (ᾳ-- 2) 
F(A) and its derivatives up to and including FA) at least are all 
null for A = Δ... 


Theorems (A) and (B) τον at once from the results given in 
fue (i) of 81:8, Since δίλ) + 0* for an unrepeated root A,, and since 
1 


A(A) is linear and homogeneous in the first minors of A(A), these minors 
cannot all be zero for A = A,. Hence f(A,) is simply degenerate (Theorem 
A). When f(A,) has degeneracy gq, so that all the (q— 1)th minors of f(A) 


vanish when A = A,, then all the derivatives of A(A) up to and including 
(α-- 1) 


A(A) are zero for A = Q,. This implies that A, is at least a g-fold root 
of A(A) (Theorem B). 


With regard to Theorem (C) it is obvious that Aa), for instance, can 
vanish for A = A, without all the first minors in A(A) being zero 

Theorem (D) is easily proved on reference to §1-12. For if f(A,) is 
simply degenerate, F(A,) by definition cannot be null. Hence, since 
the product f(A,) F(A,)—which equals A(A,) I—is null, F(A,) must be 
a matrix of unit rank. It is therefore expressible as a product of the 
form stated (see example (iv) of ὃ 1-9). 

Lastly, Theorem (E) is obvious from the results given in example 
(ii) of §1-8, which show at once that if f(A,) has degeneracy q then 
(A—A,)*"1 at least is a factor of every first minor of A(A), and is thus a 
factor of F(A). Clearly in this case the derived adjoint matrices up to 


(q—2) 
and. including F (A) at least are null when A = Q,. 


(i) Distinct Roots, ὁ “= *4MPuES 


f(A)=fA-1 0 0 7, 
| 0 A-2 0 | 
0 0 A-3 
then A(A) = (A—1)(A—2)(A—3), so that A, = 1, A, = 2, As = 3. Here 


f(A) is simply degenerate for each root (Theorem A). The adjoint, for 
ἃ general value of A, is 


F(A) = [(A-2)(A-3) «OO 0 
| 0 (λ-- 3)(λ-- 1) 0 ! 
0 0  (A-1)(A—2) 


* AQ) is an abbreviation for (3°), ᾿ς 
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Hence F(A.) =[2 0 07 ={2,0,0}{1, 0, 0}. 
| | [ 0 ο | 
0 0 0 
Similarly, F(A.) τ {0, I, 0) [0, = 1, 0], 


F(As) = {0,0,2}[0, 0, 1]. 
These results illustrate Theorem (D). | 
(ii) Repeated Roots and Simple Degeneracy. Let 
fa)=fa-2 -1 07. 
| 0 λ--2 0 
0 0 λ--8 


Then A(A) = (λ-- 2)3(λ-- 3), giving A, = 2, Ag = 2, Ay = 3, and for each 
root f(A) is simply degenerate. The adjoint is 


F(a) = [(A-2)(A-—3) (λ-3) 0 1, 

| 0 (A—3)(A-2) 00 

0 0 (A—2)? 

so that F(A,) = F(A.) =[0 —1 0] = {1,0,0}[0, —1, 0}. 
f : J 
0 00 


The results exemplify Theorems (C) and (D). 
(iii) Repeated Roots and Multiple Degeneracy. Suppose 


fid)=fa-2 0 07, 
| 0 A-2 0 | 
0 0 A-3 


which again yields A(A) = (A~—2)?(A—3) and A, = 2, A, = 2, As = ὃ. 
However, in this case f(A,) has degeneracy 2 and the adjoint F(A,) is 
obviously null. This exemplifies Theorems (B) and (E). 

As a further simple illustration assume 


fa)=f1 0 0 0 
0 AO 0 
0-0 A? 0 
0 0 0 A3 
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Then A(A) = λό, and f(A) has degeneracy 3 for the sextuple root A = 0. 
With A left general the adjoint is 


F(A) =A? PAF 0 0 OT, 
0 A? 0 0 
0 0 A O 
0 0 0 1 
so that F(A), ΔΈ and es are all null when A = 0. 


36. The Characteristic Matrix of a Square Matrix and the 
Latent Roots. If u is a given square matrix of order n with constant 
elements, then the matrix FSIS 6δ)8ὸὺΛ’7Δ7 sae (1) 


is called the characteristic matriz of u. This very simple and important 
type of A-matrix has a natural origin in applications of linear sub- 
stitutions relating to the conditions under which a set of transformed 
variables y is proportional to the original set of variables x. If the 
linear substitution is given by y = ux, and if this relation is to be 
satisfied by, say, y = Ax, where A is a scalar factor of proportionality, 


then we require (AI — —u) xv = f(A) = ΝΞ -- (2) 


In order that this equation may be satisfied a column x , which is not 
null, it is necessary that 
—A(A)=|ArT—-«| = | “τ (8) 

The determinant A(A) in this special case is a referred to as the — 
characteristic function of the matrix u, and A(A) = 0 is the characteristic 
equation. Moreover, the n reote A,, Ax, ..., A, of A(A) = 9 are called 
the latent roots* of u. Theorems (A) to (E) of §3-5 are, of course, 
directly applicable to the characteristic matrix f(A) and its adjoint 
_ F(A). 

Suppose now that the latent roots have been found, and let a solution 
of (2) appropriate to the typical root A, be denoted by 


2 Ag) = {Xyq, ogy «+05 Ung} 
Such a column of quantities will for convenience be spoken of as 8 


modal column appropriate to A,. 
Now equation (2) requires that 


(A, I—u)a(A,)=f(Ag)2(Ag) = 0. sane (4) 
* Sometimes also called the characteristic numbers of τὸ. 
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If f(A,) has degeneracy 4, this equation will have ᾳ linearly distinct 
solutions (see ὃ 1-9). 2 | 
Firstly, assume A, to be a simple root. Then by Theorems (A) and 
(Ὁ) of § 3-5 f(A,) is simply degenerate and F(A,) is ἃ matrix product of 
the type k,x, in which neither the column &, nor the row κ, is null. 
But since f(A,) F(A,) = F(A,) f(A.) = 9, it follows that f(A.) κ,κ, = 0 and 
kk, f(A,) = 9, and these obviously require that | 
f(A.) = 9, ......(6) 
K,{(A,) = 9. - teas’ (6) 
On comparison of (4) and (5) we see that the modal column 2(A,) can 
here be taken proportional to any non-zero column of the adjoint 
F(A,). | , ‘ 
᾿ Next suppose A, to be one of a set of 8 equal latent roots. Then if 
f(A,) is simply degenerate the modal column can again be chosen pro- 
portional to ἃ non-vanishing column k, of the adjoint, and this will be 
the only solution corresponding to the whole set of 8 equal roots. If, 
on the other hand, f(A,) has degeneracy q> 1, the adjoint F(A,) is null 
by Theorem (E). Theglinearly distinct solutions must then be obtained — 
from columns of such of the derived adjoint matrices as are not null. 
To illustrate the method suppose f(A,) to have degeneracy 8, in which 


(s—32) 

case the derived adjoint matrices up to and including F(a) are all 
null for A = A,. Putting p = s—1 in (3-5-1), expanding the first pro- 
duct, and substituting A = A,, we have ἡ 


(s—1) 
F(A,) F(A) = 0. 


It can be shown that the matrix Fa) is in this case of rank s and 
therefore a matrix product of the type k,x,, where the 8 columns of 
the rectangular matrix k, and the s rows of x, are all distinct (see § 1-9). 
The s columns of k, can be chosen as the required modal columns. 

In the important special case where all the latent roots of wu are 
distinct, there is a distinct modal column ἔς, and ἃ corresponding row 
x, appropriate to each root. The x modal columns, taken for all the roots 
Ap Ag: +++) Aq; form ὃ square matrix 


ba (hy: ὼς ὩΣ 2 τὸς (7) 


Seesegoneeaeseeneeneseeaens 
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which will be termed the modal matrix. Since the modal columns can 
be taken in arbitrary multiples, the matrix k is indeterminate to the 
extent that it can always be postmultiplied by a non-singular diagonal 
matrix of constants. It can be shown without difficulty that k is 
necessarily non-singular. 

In the same way the ἢ rows x, can be arranged to form a square 
matrix* | 


Kin Ken ++ Knnd 
By means of the modal matrix the n matrix equations (A,I-—u)k, = 0, 
taken for all the latent roots, can be combined into the single matrix 
equation 7 
Ake A, kos ony An ken 


Sevres eeseseecerereveseat*eeosceourseaeevesenesn 


Avkns Askns aed Anknn | 
This can be written concisely as 


Uk=kA, πτπτπσόσόοόοψὅΔᾷἕἔΕέ)ΓΕιἍἔἘὁΠΠ[οέ[ νῶν (9) 
where A=fa, 0 .. OF ou. (10) 
0 A, 0 
0 0 .. A, 
denotes the diagonal matrix of the latent roots. Since kis non-singular, 
equation (9) gives wu = kA. | Sick (Eh 


When two square matrices, say u and v, are related by an equation 


of the type pep | 


where p is a non-singular square matrix, they are said to be connected 
by @ collineatory transformation. Equation (11) states that a square 
matrix which has all its latent roots distinct is reducible by a col- 
lineatory transformation to the diagonal matrix of its latent roots. 
This particular transformation is often very useful. For instance, 
when ~ is expressed in the form (11), 


u? = KA KAK = kA%1, 


* For convenience the second suffix of the elements k,, and ‘,, indicates the particular 
latent root with which the elements are associated. With this convention the suffices in 
the square matrix x appear transposed. | 
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Similarly, 


u™ = kA™k1 =k Ay 0 | eee 0 k-1, 
0 AZ... 0 
0-0 sa A 
and more generally, if P(u) is any polynomial of u, 
P(u) =kP(A)k2=k[TP(A,) 060 ... Os 70 Aabwnss (12) 
0 P(A.) .. 0 
0 oOo... P(A) 


In particular, we may choose P(A) to be the characteristic function 
A(A) =|AI—u|. Then, since A(A) vanishes when A is any latent root, 
equation (12) reduces to A(u) = 0. The matrix τ thus has the im- 
portant property that it satisfies its own characteristic equation. 
In §3-7 it will be shown that this holds generally for any square 
matrix. | 

If there are 8 roots equal to A,, and if f(A,) is simply degenerate, 
equation (4) yields only a single modal column corresponding to the 
whole set of s roots. It is not then possible to reduce u to the diagonal 
form. However, the reduction to the form (11) still holds good if for 
every set of 8 equal roots A, the degeneracy of f(A,) is 8, i.e. if f(A,) has 
“full degeneracy” for every set of repeated roots. For in that case 
there are s distinct modal columns for each set of repeated roots— 
namely, those of the (m,s) matrix k,—and the modal matrix k is 
composed, as before, of the τ modal columns taken for all the latent 
roots. Similarly, there is a matrix Kk composed of the rows of the 
matrices %,. 


EXAMPLES 
(i) Latent Roots all Distinct. Suppose 


aw=f2 -2 81. 
| 111 
1 3-l 


Then the characteristic matrix is 
f(A)sAI—u=fA-2 2 —3]. 
Ξ A-1 -1) 
:2 7 —~3 ΔΈ 
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The characteristic equation is | | 

A-2 2 —8 | = A3~2A2—5A4+6 = (A—1)(A+2)(A—3) = 0. 
-l A-1 - 

—-l -ὃὁ A+1. 


The latent roots are therefore A, = 1, A, = — 2, A, = 3. 
When A = A, in f(A), we have 
Πλὴ τ [πὶ 2-3] with F(A,)=[-3 5 —21. 
- 1 oO- | 3-5 2 
-Il -3 2 3-5 2 
Hence we may choose k, = {—1, 1, I}. | 
Similarly ἄς = {11, 1, -- 14} and ἄς = {1,1,1}. The modal matrix 
may accordingly be taken as 


k=[-1 11 1), giving k*=%,f-15 26 -- 10]. 
1 11 0 2 - 
1-14 1 16 ἃ 12 


Equation (11) then is 


2-2 8] -,Ἕ  [--1 11 1771 O 07 F—15 25 —-101. 
1 1 41 1 11{[|[0 —2 0 ὃ. 2 — 
1 3-1] 1 —14 1/10 0 8 15 3 12 


(1) Repeated Latent Roots and Simple Degeneracy. If 


w=f2--—-2 31, 
10 -4 ὅ 


ren 5-4 6 
A(A)=|A-2 2 —8 | =A8—4A245A—-2 = (λ-- 1)3(λ--9). 
~10 A+4 - 
-ὃ 4 A-6 


The latent roots are A, = 1, A, = 1, ἃς = 2. For the repeated root, 

| “10 5-5 

—-5 4 -- 
which is simply degenerate. The adjoint is 
F(A) =F -5 -- 67, 

—25 —-10 25 

-ἰό -6 15 | 
and this yields the single modal column {1, 5,3} for the two roots 
A,, Ag. In this case the matrix u is not reducible to the diagonal form. — 


; 
| 
i 
| 
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(iii) Repeated Latent Roots and Multiple Degeneracy. Let | 


u=f 7 4 “--11Π, 
4 7-1 
j[—-4—-4 4 


-- A3—18A2+81A—108 = (A—3)*(A—12). 


80 that 
A(A)=|A-7 -4 1 

| -.Ἶ A-7 1 

4 4 λ--Ὰ 


Denoting the latent roots as A, = A, = 3 and A, = 12, we obtain 


f= [-4 -4 1], 
—-4 -4 1 
4 ά --ΞῬΘ] 
which has degeneracy 2. The adjoint F(A,) is null, but 
OM [-ὃ 4-1)=f-5 4)f1 0 1). 
ῬΝ 4 --ὅ | | « τὸ ἢ ἢ 
1-4Φ -4 -8. [-4 -4 
Hence we may choose the two modal columns corresponding to the 
double root to be k, = {5, —4, 4} and k, = {-- 4, 5, 4}. The modal 


column appropriate to the simple root A, is found to be {— 1, —1, 1}, 
80 that 


k=f δ-4 -1, giving k*=}7 1 0 17. 
}πά4 δ.-ι 0 11 
4 41 


-4 -41 
Accordingly, ; 


7 4 -1)=47 5-4-1773 0 O77 1 09 1. 
4 7-1 -4 6—1]/|0 3 0] o 1 1 
4-4 4] 4 4 Ilo o ι12}|-4 -4 1 


(iv) Latent Roots of Matrices Connected by a Collineatory Trans- 
formation. If u = pup, then AI —u = p(AI —v) p™. Hence 
| ΟἸΑΙ- τὼ} = [λ]--ὐὶ, | 
so that u and v have the same latent roots. When τὸ is reducible to the 


‘diagonal form ἘΛΙ we can write v = pkAk—p. The modal matrix 


of v then is pk. 


(v) Latent Roots and Modal Mairix of P(u). Applying the theorem 
of example (iv) to the transformation (12), we see that when 4 is 
reducible to the diagonal form, P(A,), P(Aq), ....ὄ P(A,) are the latent 
roots of P(u), and that wu and P(u) have the same modal matrix k. 
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The matrix Ῥ(μ) can have repeated latent roots even when Ay, Ags v0 


A,, are all distinct. In this case if P(u) has 8 latent roots equal to A,, 
then its characteristic matrix will have degeneracy s for the root A,. 


3:7. The Cayley-Hamilton Theorem. In §3-6 it was incident- 
ally shown that a square matrix whose latent roots are all distinct 
satisfies its own characteristic equation. The Cayley-Hamilton theorem 
states that this property holds good generally for any square matrix u. 


Thus A(juy=00 Qoaae (1) 


Since A(A)=(—1)"(A,—A) (A,—A)... (A, —A), the theorem may also 
be written in the factorised form 


(A,I—u) (A,I—u)...(A,I—u) = 0, - 
or F(A) F(Ag) ---f(An) = 0. 


The proposition follows immediately from the remainder theorems 

of ὃ 8:4, For, if F(A) is the adjoint of the characteristic matrix, then 
F(A) F(A) = A(A) I. Ἐπ (2) 

Now A(A) J is a A-matrix, and the last equation shows that it has zero 
remainder when divided on the left by AJ — uw. Hence by the remainder 
theorem A(x) = 0. | ταν 

In the foregoing proof no restriction has been placed on the nature 
of the latent roots. The theorem thus holds for matrices with repeated 
latent roots. However, if there are any repeated roots for which f(A) 
is multiply degenerate, the theorem admits some extension. Suppose 
all the first minors in f(A) to have a common factor (A). This will be 
a factor of A(A) so that we may write A(A) = 0(A) A (A), and 6(A) will 
evidently also be a factor of all the elements of F(A), 80 that, say, 
F(A) = (A) F,(A). Hence in place of equation (2) we can now use 

F(A) F(A) = A,(A) Z. 
By the same argument as before it follows that 
A(uy=9 aaa (3) 

In the special case where θ(λ) is chosen to be the highest common 
factor of the first minors of A(A), written with unity as the coefficient 
of the highest power of A, then A ,(A) =A(A)/6@(A) is spoken of as the 
reduced characteristic function. It can be shown* that A p(u) then is the 
vanishing polynomial of wu of lowest possible degree. 


* See, for instance, Chap. v of Ref. 2. 
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EXAMPLES 
(i) Latent Roots all Distinct (see example (i) of ὃ 3-6). If 


= [ὃ —2 31, 
[ 1 1 | 
1 3 -] 
then A(A) = λϑ-- 2λϑ -- 6λ- 6 = (A—1)(A+2)(A—3). 
Hence us —2u2—5u+61 = 0. 
The factorised form of the theorem is 


(I—u)(—2I —u) (3f—u) = 0 
which yields the identity 


1-2 3174 ~2 31f—1—-2 3] =0. 
1 Oo ip 3 ] 1-2 1 
1 3-2}l1 3 1 Ι 3:4 


(ii) Repeated Latent Roots and Simple Degeneracy (see example (ii) 


of §3-6). If =f2-2 31, 
Ε —4 ὅ 
5 --ά 6 
then A(A) = ee 5A—2 = (A—1)2(A—2). 
Hence — 4u?+ δι -- 21 = 0. | 


In this case f(A) is ik degenerate for the repeated root A = 1, and 
the ordinary characteristic function is the vanishing polynomial οἱ 
lowest degree. 


(iii) Repeated Latent Roots and Multiple Degeneracy (see example (iii) 


of §3-6). Let ἀπ: Ὁ ae oe 
| 4 7-1 
| —-4-4 4 
so that 
A(A) =|A—7, -4, 1 [:λδ 18A24.81A— 108 = (A—3)?(A—12). 


—4, A-7, 1 
4, 4, λ-4 


The normal form of the theorem gives 
u? — 18u?+8lu— 108 = 0. 
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However, f(A) has degeneracy 2 for the double latent root A= 3. | 
Extracting from A(A) the common factor (A—3) of the first minors, we _ 
obtain the reduced characteristic function 


AA) = (λ -- 3) (λ -- 12) = A?- 15A + 86. 
Hence the reduced form of the Cayley-Hamilton theorem gives _ 
u®—15u+36I = 0, or alternatively 
(31 -- οὐ (121 --ὦὁ Ξ- [--4 -4 117 5&5 -Α 11=0. 
—4 —4 i —-4 δι 
4 4-1] 4 4 8 
(iv} Computation of Positive Powers of a Matriz. Since A(u) = 0, 
we have uA(u) = 0, u®A(w) = 0, and so on. By successive applications 
of these equations any positive integral power of w is linearly expressible 
in terms of the unit matrix and of the first n— 1 powers of τ, where ἢ 
is the order of u. 
For instance, suppose τ to be as for example (i). Then 


u® = 2u*+5u -- 61, 

ut = 2u? + 5ut—6u = 9u®+4u—12I, 

u® = 2u4+ bus — Gu? = 222+ 33u—54/, 
and so on. 

(v) Computation of Negative Powers of a Matrix. If u is not singular 
the method of example (iv) can also be used to evaluate the negative 
powers, and in particular, the reciprocal, of a matrix. Thus, if u is as 
for example (i), 

Cun! = —y2+ 2u+ 5, _ 
36u-? = —6u+122 + 30u-! = — 5u2+ 4u4 37], 
and. so on. 

(vi) Reduction of Polynomials. Since any positive integral power of 
w is linearly expressible in terms of J and of the first n — 1 powers of τι, 
so also is any polynomial P(x). Thus | | 

P(u) = Agu™+ A,u®*4+...44, .u+A,_J, 
where the coefficients A, are scalars. | 

By a similar process the corresponding scalar polynomial P(A,) is 

reducible to | " es 
| PA) = AAP 4 AAPA + Ay gt Ag 9. 
However, this expression would not be valid for a general value of A. | 
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The argument also applies for expressions τ) involving negative 
powers, provided that wis not singular, | 
(vii) Linear Difference Equation Satisfied by the Powers a a Matriz. 
If the characteristic equation is | 
A(A) = A*+p,A"71 +... + Dy = 0, 
then u*A(u) = 0. Hence if Y (9) =u", the sequence of matrices Y(s), 
Y(s— 1), etc. satisfies the difference equation 
Y(s)+p, ¥(8—1)+...+ py, Υ(8-- Ἠ) = 
This implies that a sequence formed by any cea elements 
taken from Y(s), Y(s—1), etc. also satisfies the difference equation. 


Let H, denote the value in Y(s) of the selected element. Now it is 
known from the theary of difference equations that | 


E, = Σ ere, “τ. (4) 


where the coefficients 6, are constants and Aj, Aq, ...,A,, are the roots 
of oe 0, here sues all distinct. Hence also 


Y, = ed 


wie the coefficients e, are matrices of constants. The last result is 
a particular case of Sylvester’s theorem (see ὃ 3-9). 


3.8. The Adjoint and Derived Adjoints of the Character- 
istic Matrix. Simple expressions for the adjoint and derived adjoints 
of the characteristic matrix will now be obtained. 

Firstly, it will be convenient to construct certain identities in- 
volving merely scalars. Write the expanded form of A(A) =| f(A) | as 


A(A) = λ" + pyA* 1+ pgA* 44+... +DpaAAtPn = I (A—A,). 


Then identically ὌΝ... (1) 
““ a - Anh (etpy)ar et. 
+ lem 1+ pa + 0. ἘΡ,- 5 + Par) 
= φ(λ,“), δᾶ ὺυ. tt tne (2). 


If z = A,, where A, is a typical simple root of A(A) = 0, the preceding 
Formule v9 (A, A.) = AAIA=A) = TL AA). ove (3) 
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Next, suppose A(A) = 0 to have two equal roots, say A, = A,. On 
differentiation of (2) with respect to x, we obtain Ὁ 


(1) 
A(A)—A(z) A(z) 
| 3g PA) = (A—2)® (λ--α)᾽ 
Hence when x = A, = A,, | 
sag BAL Aa) = Gaya = ἀσλρατλρ. πλῳ, (0 
a. nat (τὰς Ven ee 


since A(A,) and A(As) both vanish. 
More generally, suppose there to be a set of 8 equal roots A,, Ag, ..., A, 


so that ACA.) = 0 for+=0,1,...,8—1. Differentiating (2) » times with 
respect to x, where p<s—1, and substituting x = A,, we obtain 


pean 8A) = aged - AAP Aygo AA 


The formulae (3) and (5) are scalar identities which are true for all 
_ values of A, and when A is replaced by the square matrix w corresponding 
matrix identities are derived. Thus (2) and (3) yield 


φίω, A,) = τ + (A, +p) UF +... + (APE +p AB +.. ἜΣ 
“ἢ (u—A,J), 


‘while, if πα: is a set οὗ 8 equal latent roots, equation (5) gives 
ΩΣ A,) = ὡ--λ, TPP 4(u --λ, 1)... (UA, ἢ), 
in which 0<p<s—1. 
Now replace A by « and x by AI in the identity (2). Then, since 
A(u) = 0, btain 
πον 80 (λ1-- ἡ φίω,λ) = A(a) I. 


This shows that Φίω, A) is the adjoint matrix of f(A), for general values 
of A. Hence 


F(A) = $(u,A) = w14 (A+p,) U4... 
+ (A™—1 4 pA"? +... 4+ 9, 4) D. cee (7) 


In particular, when A = A,, we have 
FOAL) = Bt Ay) = (=I TAT —4). eee (8) 
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More generally, if there are s equal roots we obtain from equation (6) 


pare), (u—A, IP (AyD) (U-AQD, 


for 0 «» «8-- Ἰ. 
The results may be summarised as follows: If F(A) is the adjoint 
of the characteristic matrix f(A), then for any latent root λ, 


F(A,) = (~1)" Tl £04), seine (9) 
while for any set of s equal roots Ay, Ag; +++, A,, and for 0<p<s—1, 


(p . 
prt) = (= 1) PLFA f era) fn) 


(p) 
in which F(A,) is, as usual, an abbreviation for (ae) ‘ 
daAP A=Asz 


EXAMPLES | 
(i) Latent Roots all Distinct (see example (i) of ὃ 3-6). Suppose 


u=f2—-2 38], with A,=1,A,=-—2,A,;=3, 
f 1 ἢ 
1 3-1 
and f(A) = fFA-—2, 2, —-3]. 
ΕΙ A-1, “1 
—1, -—3,A+l1 
Then, by (9), 
F(1) = (—1)®f(-2)f(83) =[-4 2-317 1 2-8 
Ξι - =1]|-2 . 5] 
—-l1 -8ὃ —ljL-1 -3 4 


-- [[--ὃ 5 —2]. 
3-5 2 
$$ πὸ 2 


Similarly, F(-2) =f()f(3) = [0 11 --117, 
| [ 1 “1 

0-14 14 

ΣΝ 1 ‘| 

5 1 4 

5 1 4 
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(ii) Repeated Latent Roots and Simple Degeneracy (89 example (ii) 
of § 8:6). Let | 
u = | 2-2 ἢ so that A,=1,A,=1, λς - 3, 


10 —4 5 
5-4 6 
and F(A) = [A-2, 2, -81. 
—5, 4, A- 
By (9), ee -5 +2 | 
— [—25 —10 26 
—-15 -6 165 


while (10) gives, for ἢ = 3, 8 = 2, p = 1, 
1 0-2 3]. 
aPC) = (—D7@) = c ἘΣ ε 
5 --4 4 

We may note that (1) and F(l) here jointly contain only two linearly 
independent columns. Thus F(1) is of unit rank and yields only one 
distinct column, proportional to {1,5,3}. Again, the first column of 

q) 
F (1) is proportional to {0, 2, 1}, and the property to be particularly 

(1) 
noted is that the remaining two columns of F(1) are linear combina- 
tions of {1, 5, 3} and {0, 2, 1}. Thus | 
| {—2, —6, —4} = —2{1, 5, 3}+ 2{0, 2, 3 
(3, , 4} = 811, 5, 3}—5{0, 2, 1}. 
The general rule is that if A, is ἃ latent root of multiplicity s, then s 
(and only s) linearly distinct non-vanishing columns will be included 
(1) (s—1) 

amongst the 8 matrices F(A,), F(A,), ..., FA). 

(ili) Repeated Latent Roots and Multiple Degeneracy (see example 
(ili) of § 3.6). Take 

“= 7 4 =i] with A, = 3, A, = 3, A, = 12, 


4 7-1 
—-4—-4 4 
and f(A) = [A-7, -4, 1 17. 
|= A-7, 1 
4 4 A~4 
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Then 


F(3) = (—1)*4(8)f(12) το; F(3)=(—1)f2)= 7-5 4 ἢ 
4-5 --} 
| ΕΚ -4 --8 


Here the adjoint F(3) corresponding to the double root is null, while 
(1) | 
F(3) has only two linearly independent columns. 
(p) . 
(iv) Matrices F(A) and f(A) Permutable. Since in the case of the 


characteristic matrix a = I while al = 0 if p>1, equation (3-5-1) 


ῳ) ῳ- ὦ) @-1) _ @) 
gives f(A) FA)+pFQ) = FASA)+PFA) = IAQ). 
Hence J) FA) = FAQ). 


(v) Properties of Modal Columns. In (3-5-1) put p = 1 and A=A,, 
where A, is an unrepeated latent root. Then 


(1) ᾿ (1) 
fA) FA) + FO) = Δίῳ, 
which, on premultiplication by F(A,) and use of the relation 


F(A,)f(A,) = 9, 


, (1) 
yields F*A,) = A(A,) F(A,). 
In the notation of ὃ 3:5 
FA,) = kk, kK, = kk, F (A,), 
since x,k, is a scalar. Hence aw 
| k,k, = A(A,). 

Again, from (9) it is obvious that F(A,) F(A,) = 0 provided that A, 
and A, do not belong to a common set of equal roots. In particular, if 
A, and A, are both simple roots 

Kyk, = 9. ΝΞ ΟΣ (11) 

These results show that when the latent roots are all distinct the 

modal matrix ἃ and the matrix x of ὃ 3-6 are connected by the relation 


Kk = ὦ, or kt, tte (12) 


where d is the diagonal matrix of the quantities AA). If uw, and there- 
fore every adjoint F(A,), is symmetrical we can choose x, = k,, so that 
x = k’. In this particular case k’k = ὦ, and the modal matrix thus has 
a generalised orthogonal property (compare § 1-17). 
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(vi) Partial Fractions Formulae. In the present example use is made 
of the familiar method of resolution of ε a rational fraction into partial 
fractions. 

For simplicity all the latent roots of u are assumed distinct. ‘Then 
since (AI —u) F(A) = A(A) I, we may write 

F(A) F(A) 


ΑΙ π χα) (AAO) 


Now every element of the matrix F(A)/A(A) is a rational fraction, which 
can be expressed by the methods of ordinary algebra in simple partial 
fractions. Hence, noting that the elements of F(A) are of degree n— 1 
at most in A while A(A) has degree n, we may assume for the complete 
matrix an expansion of the form | 

F(A) Ay 4 Aa Ag A, 

Δ(λ) λ-λ, —A, A-A, λ-- Ξ 
The coefficients A,, A;, etc. are determinable by the usual methods. 
Thus to find 4,, multiply the equations throughout by (A—A,) and 
then substitute A = A,. This gives 


4,- ἢ (,)/AQ,). 

_ Hence we derive the identity 

ἀξ ὦ (13) 
1 AA) (A-A) 


This result is also deducible from Sylvester’s theorem (see ὃ 3-9). The 
matrix (Af —w)—1 is usually called the resolvent of wu. 


3.9, Sylvester’s Theorem. This important theorem states that 
if the n latent roots of wu are all distinct and P(u) is any polynomial of 
u, then 


Plu) = SPO) Zo) esse (1) 
(1) 
where Zy(A,) = FA) AA) = TE Ay —w)/I1 (λ,--λῃ, 


and A(A,) denotes (5) 
ἀλ]χωχ, 


The matrices Z which appear as coefficients of the scalar polynomials 
P(A,) are here given a cipher suffix in order to distinguish them from 
the more general coefficients which are introduced when repeated 
latent roots occur (see § 3- 10). 
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To prove the theorem* we note firstly (see example (vi) of §3-7) 
that P(u) and P(A,) are reducible to the similar forms : 
P(u) = Aygu™"+ A,u"?*+...4+ 4,4, 

P(A,) = AgAt14 AA 24... + Aged 
Now use formula (2-3-5), with A, substituted for a,. This formula 
becomes applicable since P(u) is here expressed as an equivalent 
polynomial of degree not exceeding n — 1, and it immediately gives (1). 
The theorem is also valid if P(w) contains negative integral powers of 
a, provided that uw is not singular.t 
The matrices Z, have the properties 


| ZlAp)ZolAp) =O ifrep, = «τον (2) 
andt ZEA) = Zl ete (3) 
where m is any positive integer. Also 

Σ “ας. sam (4) 


Equations (2) and (3) are obtained from results given in example (v) 
of § 3-8, while (4) follows on substitution of J for P(u) in (1). 


EXAMPLES 
(i) Third Order Matrix. Suppose 


2-2 3], with A,=1,A,=—2,A,=3. 
a ἜΝ 
1 3-1 


From the results of example (i), § 3.8, 
F(1) ={-1, 1, }[3, —5, 2]; Αἴ - το 
F(—2) = (1,1, —14}[0, 1, —1); AC — os 


F(3) = {1, 1, 1} (5, 1, 4]; A(3) = 
_ Hence 30P(u) = P(1){-1, 1, B [—15, 25, — 10] 
| + P(—2){11, 1, —14}[0, 2, -- 2] 
+ P(3){1, 1, 1}[15, 3, 12], τ νον (δ) 


* An alternative proof can be based on the identity (8.6.12) and the relation (3-8-12). 
ἡ Note that if u is not singular no latent root can be zero. 
+t On account of the property (3) the matrices Z, are said to be idempotent. 
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_ which can be written “ι΄ | 
P(u)=35f-1 11 177P(1) 0 0 -1ὅ 25 —I10]. 

Ε 1 || s P(-—2) 0 0 2 - 
1-14 1} 0 0 Pp3jl 15 3 12 
This should be compared with the last equation in example (i) of ὃ 3-6. 
If P(u) = u™, and m is large, equation (5) gives the approximation 
um = ἀν (1,1, 1}[15, 3, 12] 3". 
Here A, (= 3) is the dominant latent root, namely, the root having the 
largest modulus. A similar approximation for a high power of a matrix 
holds good in all cases where there is a single dominant root. 
(ii) Fourth Order Matriz. Suppose 
| = 7 4 3 27. 
| -3 -2-5 2 


—-6 —-4 0-4 
πὸ -4 1 —5 


In this case A(A) = | AZ—u| = (A%— 1) (A—4), giving the latent roots 
A, = 1; A, = —1; ἃς = 2; A, = — 2. The corresponding adjoint matrices 


and values of Aa) are | 
ΤᾺ = —6{—1, —1, 2, 3}[1,0,2,—1); _ Δ) = —6; 
F(-1) = 6(1, 1, —2, —3}[0,0,1,-1]; A(—1) =6; 


(1) 
F(2) = 12{1, 0, —1, ~1}[3, 1, 2, 0]; A(2) = 12; 
(1) 
F(—2) = -—12%-1, 1,1, [1,1,1,0}; Δί --2) τ -- 12. 
Hence P(u) = {—1, —1, 2, 2}[1, 0, 2, -1] P(1) 


+{I, 1, -- 2, —3}[0, 0, 1, —1] P(-1) 
+{1, 0, —1, —1}[3, 1, 2, 0] P(2) 
+{-1, 1,1, }[1, 1, 1, 0] P(—2). 
If P = u™, and m is large, the value of εὖ is approximately given by 
2-™y™ = {1, 0, —1, —1}[3, 1, 2, 0}+(—1)"{-1, 1, 1, 1}, 1,1, 0). 
In this case the two latent roots A, and A, have equal moduli and are 


dominant. The two corresponding matrices must be retained in the 
approximate expression for εἶ. 
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(iii) Summation of Infinite Power Series (see ὃ 2-4). Conditions for 
the convergence of an infinite power series in wu can be found by the 
use of Sylvester’ s theorem. Thus if 


S(u) = Σ a,ut, 


where the coefficients « are all scalar, it is seen at once that the series 
will converge to a finite limit provided that all the corresponding 
scalar series S(A,) are convergent. 
As a simple example of the summation of ἃ series by Sylvester’s 
theorem we may assume 
“= [ 0-15 “|| 


—0-25 0-165 
and S(u) = I[+utu?+uit.... 
Here f(A) = os 0-01 | F(a) = @ 0-15 —0-01 ] 
0.265 λ--ΟἹῦ -ρ.26 A—0-15 
and ᾿Δ(λ) = A8—0-3A 40-02. 


The latent roots are A, = 0-1 and A, = 0-2, and these give 
F(0-1) = fee —0- με F(0-2) = 0-05 —0-017, 
—0:25 —0-05 —0°25 0°05 
(i) (1) 
with ᾿Δίθ:1) τε --ΟἹ and A(0-2) = 
"ees 1 _ 10 __ 1 10 
Again = 8(01) = τ τ} 5 6; 8%) = τ δος π πε" 
| Hence finally (see also example, ὃ 2-4) 
Stu) = [ —0-05 —0- pi S(0°1) [ 0-05 seo (0-2) 
= 10-25 —0-05|(—0-1)°|—0-25 0-05] ΟἹ 
= | 85 — " | 
—25 85 
(iv) Fractional Powers of a Matrix (see ὃ 2-2). Sylvester's theorem 
has only been proved for rational integral functions P(u), but it 
suggests that if, for example, wu is a second order square matrix, then | 
[Af Zo(Ax) + MZ) = = 4. ΝΞ ΞΟ «(6) 
Now by direct multiplication 
[A¥Z (Ay) + Ad Ζ,(λ4)}" 
= Ay Ζξί(λι) + MAMLZ0(As) Ζ,(λ,) + + Zea) Zo(A1)] + Ag ZG(Az). 
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On account of the properties (2) and (3) the right-hand side of this 
equation reduces to A, Ζ,(λ,) +A, Zo(A,), i.e. to u. Hence (6) is verified. 

Evidently by the foregoing method four possible square roots of u 
can be obtained, namely + AtZ,(A,) + ALZ,(A,), the signs being here 
associated in all possible combinations. More generally, if u is a square 
matrix of order n with distinct latent roots, then  A1"Z,(A,) is an mth 
root of u, and since A! has m distinct values and there are n latent 
roots, it will be possible to construct m” such roots. The foregoing 
argument would, of course, require modification if some of the latent 
roots were repeated. 


(v) The Matrices Z, as Selective Operators. Suppose we have to 
deal with sets of objects which are drawn from n mutually exclusive 
classes 1, 2,...,n—1,n. Let U represent a set, and U, the subset of U 
which belongs to the class r. Then obviously _ 


σωσ. Ὁ Ὡς (7) 
f=] 


Again, let S, denote the operation of selecting from U all the objects 
belonging to the class r; then 


SU=U. © auc (8) 
Accordingly, | U = x 8,U, 
or | | Σ S=1 nasa (9) 


fal 


Next, apply S, to both sides of (8). Now clearly SU, = U,, since U, 
consists entirely of members of the class r. Hence : 


| ϑὲῦ = U,=8,U, 
so that | S? = &.. 7 τς Seaites (10) 
_ Farther, S,U, = 0 if p +r, for U, contains no members of the class p. 
Apply S,, to equation (8). The result is 5, 8.U = 0, or 
S,S,=0 (p+r). 7 ......(.1) 
Operators which possess the properties given by (9), (10) and (11) are 
said to form a spectral set.* From the present standpoint the interest 


lies in the fact that the matrices Z,(A,) can be regarded as selective 
operators of this type. 


* For a simple account see, for instance, Chapter x1 of Ref. 8. 
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3.10. Confluent Form of Sylvester’s Theorem. The theorem 
given in ὃ 3-9 requires modification if two or more of the latent roots 
are equal. Before discussing this modification we shall give an alter- 
native proof of the theorem for the case of distinct roots. 

Since P(A) I — P(x) is exactly divisible by AI —1u, it follows that 

P(u) = P(A) 1+ Q,(A) (AL —4), 
where Q,(A) is a polynomial of A and ~ which need not be determined. 
This equation may be written 
P(A) F(A) 
—7\—-1 — 
The first matrix on the right can be resolved into partial fractions, as 
illustrated in example (vi) of ὃ 8.8. Since the degree in A of P(A) F(A) 
will in general exceed that of A(A), the correct form to assume in the 
present case 1s PA) FA) _ ἢ ἜΤΙ 
A(A) ᾿,Ξ51(λ--λ) τ 


and the typical coefficient A, is given by 


(1) 
It follows that 4..- bak a 
P(u)(AT—uyt = Σ FA) FO) 4 9,0)+9,0). 
Am, (A-A,) 
Evidently, since P(u) is — of A, the quotient Q,+@Q, must 
be zero. Hence 


| HE Ay) (A-A) (λ- λ) 
Similarly, replacing Ῥί(ω) by wP(u) we have 
uPu) (AE —wy-t = ἢ ΡΟ FO) 
Ξι A(A,) (A-2,) 
Multiply (1) throughout by A and subtract (2). Then 
Pu) =3 ἢ PA) FQ.) 7 (3) 


mvt AA,) 
which is the theorem of § 3-9. 


To extend the theorem to cover the case of multiple latent roots, it 
is only necessary to modify appropriately the expansion involving the 
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partial fractions, and it will be enough to consider those terms which 
arise from a typical set of s equal roots A,, Ag, ...,A,. Thus assume 
ΡΙλ) (λ΄ ὃ. A; 
A(A) i=] (A— =r 
where R includes the quotient and the partial fractions arising from 
the remaining roots. Then ~ the usual methods of algebra 
dt* P(A) F(A) 
= -- ὦ} das ~ ASA) ih 
where A,(A) = (A—Agyr) (λ-τ-τλρμ)}... (A— Ay). 
The terms in the right-hand side of the equation corresponding to (1), 
due to the set of equal roots considered, are then 
> A Ay 
A (λ-- οί" 
Similarly, thoge contributed to the equation corresponding to (2) are 
g _ By | 
δι Aa 
ἄ»-ἐ AP(A) F(A) 
νι ical ~ fa—s ΞΕ ret AKA) ana, | 
_ Hence the terms contributed to the equation corresponding to @) are 
Σ AA HB, AA,—B, 
ian (A—A,) 
But B, = A, A, + Ary 8 so that the last summation reduces to 
Σ (λ-- -λὴ A,- Asst 
4=1 (A— A,)* 
The term in the ee for P(u) due to the roots A, is accordingly 
Ξ ΕΞ P(A) FA) 
-- dAs-t ~ ASA) λιωλς 
The confluent form of Sylvester’s theorem may thus be stated as 
qs-1 eae F(A) (4) 
ai ka) age ne 


where A,(A)=(A—A,4,) (A- ἥρω ...(A—A,), and the summation is 
taken for all distinct values A, of the latent roots. 7 


+R, 


= 4.. 


P(u) = ZT (A,) = 
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The typical term 7'(A,) is expressible in the expanded form 


(s—1) 


(1) 
T(A,) = P(A,) 5, κ(λη += Ἵν Ζ, κ(λρ Ἐν. Ὁ πύον 

᾿ ; αἱ Fir 
in which ZAA,) = ; qu ae 7 eae 
for+=0,1,...,8—1, and P(A) denotes (- | 

An alternative is 

(s~1) 
T'(A,) = =e Fa), Y(A,) FQ,) F Δ) +2 Y ἯΙ F Cy) εζίῳ F(A,) 
Π|6- — 5: js—3 js-1 ᾿ 


ἘῸΝ Y(A) = P(A)/A,(A) and F(A,), F(A) have meanings similar to 
PO. On application of (3-8-10) the last equation may be written also 


TA) =(- ΩΝ I~YA)f(,)+~ FAYPO,. 


Y(A 

+(-1)4 7) £0) fayadf era) =a 
If f(A,) has degeneracy 4, then the highest power of f(A,) present inthe _ 
foregoing expression will be 8 — φ. This also follows from a consideration — 
of the reduced characteristic function (see § 3-7). , 


EXAMPLES 
(i) Matrix with Latent Roots all Equal. If the latent roots of u are 
all equal, so that 8 = n, then A, = 1, Y = P(A,). Hence 
(2) 


P(u) = P(Ay)— Pq) (A, —u) += (λ,1-- τε... 


(a—1) 
—— A, T—uy 
In particular 


wm = ART — md} Ayu) +=) a8 AT a)? +. 


m(m— 
2 


m(m—1)...(m—n+ 2) 


+(— ean D ἘΣ (A, -- - νι, 
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This result is verified immediately by the identity 


a um=[A,1—(A,I—u)]" 
and an application of the Cayley-Hamilton theorem, which in this 
case gives (A, [—u)" = 0. 


(ui) Sylvester's Kxpansion for Matriz u tiself. If P(u) = u, then 
U = Σ,λ,Ζ,(λ,) + Ug lA, Z --1(A) +Z .-a(A,)], stones (5) 


where the first summation includes all unrepeated roots and the second 
is taken for all distinct values A, of repeated roots. 

In the particular case where the characteristic matrix has full 
degeneracy s for every set of s repeated roots, the derived adjoint 


(-- 3) 
matrices up to, and including, F(A,) are all null (see Theorem (E) of 


| (s—1) 
§ 3-5). Hence Z,_.(A,) = 0 and Z,_,(A,) = F(A,) /je—1A,(A,). Equation 
(5) may then be written in the notation of § 3-6 


ΒΨ ΤῊΝ 
le—14,(A,)’ 


where the summation is for all distinct values of the latent roots. 
A comparison of this with the equation u = kAk-, in which the modal 
matrix k is now composed of all the columns of the matrices k, (see 
§ 3-6), readily yields the identity 


Kkwd or πάσα,  cscess (6) 
where ὦ is 8 diagonal matrix which is expressible in partitioned 
form as 7 | 

ja—1A,(A,) 1, 0 ee 0 .}» 
0 p= 1A, (As) ω aan 0 
oO oO . |p-l A, (Ap) & 


, and a, b,...,p are the multiplicities i in the sets of equal roots. Equation 
(6) isa generation of (3-8-12). | 


(iii) Two Equal Latent Roots and Simple Degeneracy. If 


=[ 2-2 3], 
10 -—4 6 
ὅδ —4 6 
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then A(A) = (A—1)2(A—2) and A, =A, =1, A, =2. The confluent 
form of Sylvester’s theorem gives 

[2 PAFAY , PR)Fe) 

ἜΝ lax (A—2) Jaen” (2-1) 
(1) (1) 

= P(1)[—F(1)— F(1)]— P(1) F(1) + P(2) F(2). 

Using results obtained in example (ii) of §3-8, we obtain 


Puy=| 5 4 -8]Ρ) δ᾽. 2 -6 Pi) 


15 16 —30 25 10 —25 
10 10 —19 15 6 —15 
+[ -4 -4 8] P(2). 
Ε -- 1δ ω 
—10 —10 20 


(iv) T'wo Equal Latent Roots and Multiple Degeneracy. If 


“= 7 4-1], 
4 7-1} 
—4—-4 4 


‘the latent roots are A, = A, = 3, A; = 12, and on reference to the 
results of example (iii) of ὃ 3-8, we find > 
9P(u)=f 56 —4 1) P(3)+f 4 4 —I1] P(12). 
{πὶ δὶ 4 4 5] | 
4 4 8 —-4 -4 1 


(1) 
The term involving P(3) is absent since F(3) = 0. 
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3-11. Elementary Operations on Matrices. An important 
conception relating to matrices is that of equivalence, but before 
defining equivalent matrices we shall consider certain elementary 
operations which are, in fact, extensively used in the reduction of 
determinants. These operations are: : 

(I) Interchange of two rows, or of two columns. 
(II) Addition to a row of a multiple of another row, or addition to 
a column of a multiple of another column. 

(III) Multiplication of a row or of a column by a non-vanishing 

constant. | 
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It will now be shown that the performance of any one of these 
operations upon a square matrix u is equivalent to premultiplication 
or postmultiplication of wu by a non-singular matrix. 


Operatson of Type I. Let J denote the unit matrix 1 with the ith 
and the jth rows interchanged. Then it is easy to see that the product 
Ju is the matrix obtained when the ith and jth rows of τὲ are inter- 
changed. Similarly uJ is the matrix obtained from u by interchange 
of the ith and jth columns. 

The determinant of J is — 1. 


EXAMPLES. 
(i) ΓΙ 0. OF Fey, yg 109} = ty ἴω AU] - 
0 O 1] | tay Ugg tag Ug, Uge Uggs 
| O 1 Ojlws, tg. Ὁ Ug, Uses 


(i) Uy, Uy. Uy3 Ἵ 0 | = [Uy Us Ug]- 
| “er “eq Us 0901 Ug, 1.28 Uag 
Us, Usa O 1 OL [ttg, Ugg Uy 


Operation of Type II. Let L be the unit matrix modified by the 
introduction of the element / in the ith row and jth column, where αὶ 
and j are unequal. Then Lu is the matrix obtained from u by addition 
of I times the jth row to the ith row. Similarly wZ is the matrix obtained 
from ὦ by addition of J times the ith column to the jth column. 

The determinant of L is 1. 


Ὲ ΧΑΜΡΙΕΞ 
(i) fl O OF fey yg 103] = Uy, 119» Uys . 
O ὁ Ides; Usq Uae Ugy + lg, Urge + Logg, Ugg + litgg 
(1) [ey Uy Ms] fl 0 01] = Puy, wyetluys, 1015] - 
Ue, Ugg Ueg/]/9 1 0 1051» Usa t lugs, Usg 
Us, Ugg UsgilO ὦ 1 1031» Uge t+ ltgg, Ugg 


Operation of Type III. Let H denote the unit matrix with h (+0) 
substituted for unity in the ith element in the principal diagonal. Then — 
Hu equals the matrix ὦ with its ith row of elements multiplied by h, 
and uH is the matrix u with its ith column multiplied by ἢ. 

The determinant of H is h. 
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EXAMPLES 


(i) 1 0 OF fi Mie Mis] = [Mu Ure M3 | - 
O 1 Of} ft: Yee Uses Us, Usa, 123 
0 0 δεν, Ugg Ugg Us, huge, hu 


(1) Uy, Uy 4}1 9 0 γι ἴω τ hus] - 
Uo, Usg Us31/]9 1 0 Us, Ugg Ntlgg 
Us, Usa 00 ἢ 


Us, Usq Atlsg 

3-12. Equivalent Matrices. Two matrices are said to be equt- 
valent if one can be derived from the other by any finite number of 
operations of the types specified in §3-11. It is easy to see that the 
relation of equivalence is of a reciprocal character, since the inverse 
of any one of the three elementary operations is another operation of 
the same type. | 

Since any elementary operation upon a matrix wu is equivalent to 
premultiplication or postmultiplication of u by a non-singular matrix, 
it follows that any matrix v which is equivalent to u must be related to 
u by the equation τῶ i teen (1) 


where P and Ὁ are non-singular matrices. It can in fact be proved* 
that if v = PuQ, where P and Q are non-singular, then w and v are 
necessarily equivalent in accordance with the definition already given. 

It is important to note that, since the rank of ἃ matrix is clearly — 
unaltered by any of the elementary operations referred to in §3-11, 
equivalent matrices have the same rank. — 


3-13. A Canonical Form for Square Matrices of Rank r. 
We shall now show that any square matrix u of rank r is equivalent to 
a canonical (or standard type) matrix C, whose elements are all zero 
with the exception of r units occupying the first r places in the prin- 
cipal diagonal. 

If the matrix is null, its rank is zero, and it is already in the canonical 
form. If it is not null, then bring a non-zero element to the top place 
in the principal diagonal by operations of type I (ὃ 8:11), and reduce 
this element to unity by an operation of type ΠῚ. Next reduce all the 
other elements of the top row and of the first column to zero, by opera- 
tions of type II. If the elements lying below the first row are now not 


* See, for instance, Ref. 1. 
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all zero, bring a finite element to the second place in the principal 
diagonal: this can always be done without alteration of the first row 
or column. The element in question can then be reduced to unity, and 
the remaining elements of the second row and second column reduced 
to zero, in the same way as before. It is evident that in this way u can 
always be reduced to a matrix C of the canonical form, with say ¢ con- 
secutive units in the principal diagonal. Since C is equivalent to u, and 
thus has the same rank as τ (see ὃ 3-12), it follows that ¢ = r. 


EXAMPLES 
(i) Non-Singular Matrix. In the trivial case where w is non-singular 
the canonical matrix C is simply J. Hence in equation (3-12:1) we may 
choose P = μι 1 and Q = I. 


(1) Singular Matrix. Suppose 


=[ 1 2-87, 
-1 2-1 
-1-3 4 


which is of rank 2. Then by combined operations of type IT 


1 0 OF 1 2 -ΞϑῖΓ1 1 OJ =fl 0 07, 
1 1 Off/-1 2-1//o 1 2] |o 0 2 
o-1 1JL-1 -3 4||}0Ὸ 1 11] lo ὁ -8}) 


and by further elementary operations 


1 0 ΟἿΓΙ O ΟἸΓΙ 0. 0] -- [1 0 907. 
00 illo 0 20 0] 010] 
0 1 ¢{lo 0 --}[ἰ0 -2 ὁ 000 


These relations yield 


ΟΞ. 0 07-- [1 0 O77 1 2 -8]71 0. 1). 
O 1 oO} |o -1 1{|-1 2 -1[Jo -2 1 
[0 0 0 1 ¢ ¢}1-1 -3 4}lo -ξ 1 


3°14. Equivalent Lambda-Matrices. Two A-matrices are equi- 
valent when one can be derived from the other by means of the three 
elementary operations defined in §3-11. The elements of the matrix 
multipliers which correspond to the performance of an operation may 
depend on A, but the restriction is introduced that the determinants 
of these matrices must be independent of A, and as before they must not 
vanish. If 9(A) is equivalent to f(A), then 


(A) = Pf(A) Q, 2 os. αὐβουνὲ (1) 
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where P and Q are, in general, A-matrices whose determinants are 
non-vanishing constants. Conversely, if g and f are related as in 
equation (1), and if | P| and [0] are non-vanishing constants, then 
g and f are equivalent in accordance with the definition given. 
Clearly if g is equivalent to f, and ὦ is equivalent to g, then ἢ is also 
equivalent to [: this is a transitive property of equivalence. 


3-15. Smith’s Canonical Form for Lambda-Matrices. A 
canonical diagonal form for A-matrices was established by Smith in 
accordance with the following theorem.* 

Any A-matrix f(A) of order and rank r can be reduced to an equi- 
valent diagonal form 

E(A)S[E(A), 0, see) 0,....0 eee (1): 
0, £#,(A),..., 0, -...,0 | 


0, ΟΣ sy. Op. 2a 0 
containing r isolated elements Z,(A) in the principal diagonal. The 
elements Z,,(A) are such that 
E,(A) = ὃν 
#,(A) = 8,45, 
su pasanaceeeceusemees ssseve(2) 


where each ὃ is a unit or a polynomial in A having unity for the co- 
efficient of its highest power. Moreover, this diagonal form is unique, 
and is the same for all matrices equivalent to the given A-matrix. 
The elements H,(A) are called the invariant factors of f(A). Each 
invariant factor is a factor of all those that follow it in the sequence. 

Let D,(A) be the greatest common divisor} of the p-rowed minor 
determinants of f(A), written with unity as coefficient of the highest 
power of A, and adopt the convention that D(A) = 1. Then it can be 
shown that the invariant factors are given by 


E,(A) = D,(A)/Dy-1(A)- ......(8) 
Suppose that ΒΕ, (λ) = (A—Ay)8 (A—Ag) Pte, tates (4) 


* For proofs see Refs. 1 or 2. 
+ The criterion of divisibility is absence of a remainder. A zero determinant is therefore 
divisible by any polynomial of A. 
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Then those factors (A—A,)¢»: which are not mere constants are called 
the elementary divisors of f(A), while (A—A,), (A—A,), etc. are the 
linear factors. The invariant factors, elementary divisors, and linear 
factors are invariant: that is to say, they are the same for all matrices 
equivalent to f(A). 

Since # = PfQ, it follows that | Z| =|P||f||Q|. But | P| and 
| Q | are independent of A. Hence the roots of A(A) =| f(A) | = 0 are the 
same as the roots of | #| = 0, and these are the numbers A,, Ag, etc. 
which appear in (4). The total multiplicity of the root A, is De,,. If 

=a 


the roots are not repeated, it follows that H(A) = 1 when p+n, while 
E,,(A) is A(A) divided by the coefficient of the highest power of A in 
A(A). | 
EXAMPLE 
Canonical Form for a Lambda-Matrix. It can readily be verified 


that if fafa -λ 0 7, 
| k wea x2 
B Az Ys 
then fa)=PAA 0 50 7Q(A), 
| f AA-1) 0 | 
0 o agri 


0 1 0 0 1a 

λ A 1 0 0 1 
Here | P(A)| = 1 and | Q(A)| = 1, so that both determinants are non- 
vanishing constants. Smith’s canonical form for f(A) is 


E(A)=[A 00 0 1=fE(A) 0 0 7. 
f A(A-1) 0 | | 0 EA) 0 | 
0 0 &,(A) 


0 0 AA? —1) 
Note that here A(A) = A3(A—1)?(A+1), that the 2-rowed minor 
determinants of f(A) have λϑ(λ --- 1) as a common factor, and that the 
1-rowed minor determinants have A as a common factor. Hence (see 
(3)), Dg(A) = AX(A—1)(A2?—1); D(A) = AX(A—1); D(A) =A; and the 
invariant factors are 
H(A) = A(AR—-1); H(A) =A(A—-1); H(A) =A. 


The linear factors are A, --- 1 and λ- 1. 


where err 0 | and aaa = } 
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3.16. Collineatory Transformation of a Numerical Matrix 
to a Canonical Form. It has been shown in § 3-13 that an arbitrary 
numerical* matrix u is equivalent to a certain diagonal matrix Ο, 80 
_ where p and q are not singular. When the matrices p and ᾳ in this 
equation are reciprocal, then uw and Οἱ have the same latent roots (see 
§ 3-6, example (iv)). Moreover, if P(w) is any polynomial of uw, then 

| P(C) = p> P(u)p, 
as illustrated by equation (3-6-12). The usefulness of this collineatory 
transformation is so obvious, and the ease of calculation with a 
diagonal matrix so great, that it is natural to consider whether such 
a transformation can always be effected. 4 

It has already been shown in §3-6 that the collineatory trans-— 
formation is always possible when the latent roots of u are all distinct. 
However, the transformation is not always possible when there are 
repeated latent roots. It is found} that the general canonical form is 8 
diagonal matrix with a certain number of unit elements added in the 
superdiagonal.t The rule is that the unit element is certainly absent 
if the place in the superdiagonal is adjacent horizontally and vertically 
to distinct elements in the principal diagonal, but that it may be 
present when the adjacent elements in the principal diagonal are the 
same. Thus the typical canonical form is | 

a 1 | 


a 1! 


_—_—w eee - τῷ τἷἶῖὧν “- “- αὦ = we - “Ὁ eee ewe 
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* The adjective ‘“‘numerical” is added in order to emphasise that a A-matrix is not 
intended. + For a full discussion of this question see Chap. vi of Ref. 2. 
+ The elements immediately to the right of the principal diagonal are the euperdtagonal 
elements. 
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where the elements in the principal diagonal are, of course, the latent 
roots. It is clear that the canonical matrix can be partitioned into 
a diagonal matrix of square submatrices whose rows and columns 
do not overlap, and which are all of the simple classical type 
a 1 
a | 
a 1 
a 


The order of the simple classical submatrix can range from 1 (the 
elementary case) to n, the order of the matrix itself. 

The exact type of the canonical matrix is conveniently specified by 
means of its Segre characteristic. This consists of a set of integers which 
are the orders of the classical submatrices; those integers which corre- 
spond to submatrices containing the same latent root are bracketed 
together. For example, the Segre characteristic of 


a 1 
a 


ὃ 
is [(21) 81 (21}]. In the elementary case where the latent roots are all 
distinct the Segre characteristic consists of n unbracketed units. 

The essential point in the proof that (1) really is an irreducible form | 
consists in showing that ἃ unit in the superdiagonal adjacent to a pair 
of equal elements in the principal diagonal cannot be removed by a 
collineatory transformation. This can be illustrated by a simple 
example. Suppose that it were required to transform 


“Ra 


_ to the diagonal form by a collineatory transformation. Let 


re 
c ἃ 
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where ὃ = ad—be +0. Then 

p3Ap = ἘΠ d(A,a+c)—Agbe, d(A,b+d)—A,bd | 

c(A,a+c)+A,ac, —c(A,b+d)+A,ad 

If both the non-diagonal elements are to vanish, 
(A, —A,) δά +d? = 

and | (Ay—A,_) ac +8 = 0. 


When A, +A, these equations can be satisfied without violation of 
the condition +0, but when A, = A, the only solution is ὦ = ὁ = 0, 
which is not permissible, for then ὃ = 0. 


CHAPTER IV 
MISCELLANEOUS NUMERICAL METHODS 


4-1. Range of the Subjects Treated. This chapter is divided 
into three sections. Part I deals with the computation of determinants, 
reciprocal matrices, and adjoint matrices, and with the numerical 
solution of systems of linear algebraic equations. Part ΤΙ is concerned 
with the limiting forms of high powers of matrices and with the 
approximate calculation of latent roots. In this connection iterative 
methods are developed which are applied in Chapter x to the solution 
of dynamical problems. The approximate solution of algebraic equa- 
tions of general degree and the computation of Sturm’s functions and 
test functions for stability are briefly considered in Part III. 


Part 1. DETERMINANTS, RECIPROCAL AND ADJOINT 
MATRICES, AND Systems or LINEAR ALGEBRAIC 
EQUATIONS 


4-2. Preliminary Remarks. Before describing the actual methods 
of computation we shall deal briefly with their underlying principles. 
A system of 7 linearly independent linear equations in n variables 


x may be represented by ee 


where ὦ is a given non-singular square matrix of order n, and h is a 
column of 7 constants. The formal solution of the equations is 


x= ah. 


If a~! can be determined, the values of x corresponding to any set 
of constants 4 can be found immediately. Now a~! = A/|a|, where A 
is the adjoint of a, and it is therefore possible to obtain a—! by a com- 
putation of the determinant [α and of its first minors. Unless the 
matrix a is of low order this process is very laborious, and it is usually 
preferable to build up the reciprocal matrix in stages by elementary 
operations on the columns or the rows of a. 

One possible procedure is as follows. Postmultiply the equation 
a~a = I by a non-singular matrix M, to give a—(aM,) = IM,. The 
postmultiplication of a by M, represents some operation performed 
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᾿ς on the columns of a, while the postmultiplication of I by M, represents 
the same operation on the columns of the unit matrix. A succession 
of s operations of this kind would give 


ao = M,M,... M,, 


where o = aM, M,...M,. Hence if o is such that its reciprocal can be 
found easily, then a—is calculable by the formulaa— = M,M,... Mo". 
Again, if the determinant | o | can be evaluated easily, and if each of 
the multipliers M has unit determinant, then 


[α] - [σ!]: 


An alternative is to apply to the equation αα΄ = J a succession . 
of premultipliers, representing operations performed on rows. The 
choice of rows, or of columns, for the operations is in fact decided by 
convenience only. 

The derivation of suitable types of matrix o and of the appropriate 

multipliers will now be considered. 


4-3. Triangular and Related Matrices. A matrix having only 
zero elements either to the right or to the left of its principal diagonal 
will be referred to as a triangular matrix. If the matrix is non-singular, 
none of its principal diagonal elements can be zero. Simple examples 


of non-singular triangular matrices are 


2 0 OT, 4 6 11]. 
3 3 0 03 
45 1 00 2 


A non-singular matrix can always be reduced to a matrix of triangular 
form by operations on columns only, or on rows only, in an indefinitely 
large number of ways. One possible scheme of reduction, by operations 
on columns only, will be described. 

Firstly, choosing any convenient non-zero element of the top row,* 
say the ith, we reduce to zero all the other elements of the top row by 
subtracting suitable multiples of the sth column from the other 
columns in turn, and leave the sth column unchanged. Next, choosing 
any convenient non-zero element of the second row of the new matrix, 
say the jth (where 7+), and leaving both the ith and the jth columns 
unchanged, we can in the same way annul all the elements of the 
second row other than the ith and the jth. By a continuation of this 


* Hach row of a non-singular matrix must contain at least one non-zero element. 
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_ process we are ultimately led to a matrix which, if not immediately 
triangular, is a triangular matrix with its columns deranged. 

The operations described can conveniently be represented by ἃ 
sequence of postmultiplications of the given matrix a. To avoid 
unwieldy general formulae the process will be illustrated with reference 
to a matrix of order four. _ 

Dealing firstly with the simplest case where the chosen element of 
the first row is a,, (shown “starred” below), we have — 


αὐ Gq Ag Qyq |[ 1 —Oy9/Ay, — O49 /04, —Ay/ay,] Ξ [ας 0 0 OF, 
Ae; Aap Ag ἄρ || Ὁ 1 0 0 A, by; ὃχ ὃς 
Ag, ὧς, Az Ag, || 0 0 1 0 Az, Os; Dea deg 
Ug, Ag, Mg My 0 0 ὩΣ Ι. Τα 551 ὃ ἢ 


where 6,, are new elementg which need not here be specified. The post- 
multiplier in this equation is the unit matrix J, augmented by a first 
ΤΟΥ͂ of elements derived from the first row of a in the manner shown. 
Next, if δι. (shown starred below) is the chosen element of the new 
second row, 3 


a, 9 O ΟἿΓΙ 0 0 0 %J=fa, 9 O OF, 
Qo, OF δι. δι, {0 1 --διρίδιι --διαίδχι Qe, 6, 0 0 
Qs, bs, beg bag |] 0 0 1 0 Qs, 5e, Cry Cie 
Ay, 5g, ὃ, Ogg 10 0 0 1 Ay, 5g, Cay ἧς 


where c,, are new elements. Lastly, if c,, er starred below) is the 
chosen element of the third row, 


a, 0 0 O7f1 0 0 09 J=fa, 0 0 0 
a, b, 0 O}f/0 10 0 αι by, 0 0 
Qs, obo, cH Cy || 0 0 1 π-οχρίσα [ἡ | 4g, 5a, ὅν 0 
ἄμ 53, Cor Ο,4.}} 0 0 0 I fey bs Ca or 


Denoting the postmultipliers in equations (1), (2), (3), respectively, 
by ,, M,, Mj, and the final triangular matrix by 7, we obtain 
| aM, Μ, Μ, = τ. 
Since each of the multipliers M/ has unit determinant, it follows that 


ja| = [7 | = 04151304144). 
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It is easy to show that the product M, Μ᾿ M, is itself a triangular matrix. 
Thus | | 


MM, = [1 --αχηαι, -- 449/44, —AGy/4y, |f1 0 0 0 
0 1 0 0 O 1 --διοἰδιι -- διαίδιι 
0 0 1 0 0 0 I 0 
0 0 0 1 0 0 0 ΙΝ 
ΞΠ! -αμία αἱ ᾶς 1], 
0 1 —big/by, —5y3/by 
0 0 } 0 
0 0 0 1 
where «,, ἄς are new elements. Hence | 
M,M,M,=[1 --αιαἰαι αι, ἄς 100 0 
0 1 -μῃ -διωα} } 610 0 
0 0 ἢ 0 0 0 1 —ea/ey 
0 0 0 1 000 1 
= [Pl --αιοἰα,) αἱ, A, |; 
0 Lf -ὐμιόμ Bs 
0 0 1 —Cy9/Cy 
0 0 ἽΝ 1 


in which f,, £8, are new elements. The product M, M,M, in this case is 
triangular and “‘opposite-handed”’ to the triangular matrix τ. 

The particular method of reduction given would fail if any one of the 
starred elements were zero. A more general treatment is possible in 
which the rows are taken in any order and the starred elements are 
not necessarily in the principal diagonal. In this case the final matrix 
will, in general, not be triangular, but will be a triangular matrix with 
its rows in some way interchanged, and possibly with its columns 
also in some way interchanged. To illustrate the rule for the con- 
struction of the multipliers, suppose a, to be the first starred element; 
then 


Ay, Ayo Ag Ay, 1 0 0 0 = [Dy Ae δὶς ὃ. |- 
Ge, Bag Voz ἀμ |] —Ag1/Agq 1 — Azz ας, — Ag4/Ag9 bey Gq Ose Dos 
Bz, Aan Beg Bay 0 0 1 0 0 a, 0 0 


Ag, Ugg Ug Ayy 0 0 0 1 bs, 42, Ose Oss 
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The multiplier is here constructed similarly to that in (1), except that 
its second row now contains the elements derived from the third row 
of a. More generally, if the starred element in ὦ lies in the ith row and 
jth column, the elements derived from the ith row of a are entered in 
the jth row of the multiplier. The process of reduction will be clear 
from the numerical examples which follow. 


EXAMPLES 


(i) Rows and Columns taken in Consecutive Order. If 
a=fl 41 38), 
0-1 3 --} 
3 10 2 
1-2 5 1 


then the scheme of reduction, with the starred elements in the prin- 
cipal diagonal, is 


1* 4 1 87/71 -4 -1-3]7=f1 0 0 07, 
0-1 8-1]/]o0 1 0 0 0 -1 3-1 
3 10 2[|[|0 ὁ 1 0 $11 2327 
1-2 5 1JLo 0 0 1 1 -6 4-2 
1 0 0 ΟἹἿΓΙ 0 0 07-[1 0. 0 OF, 
0 -1 3-1/}0 1 3-1 0-1 0 0 
3-11 -3 -7]//0 01 0 8 -11 -36 4] 
1 -6 4-2I1l0 00 1 1 -6 -14 4 
1 0 0 O7f1 000 OJ=fl 0 0 0 
0 -1 0 Off]0 10 0] Jo -1 0 0 
_|3 -11 --865 4} 7/0 0 1 2] [8 -11 —36 0 
Li -6 -14 4100 01 1 -6-14 38 


Hence > | |a| = 1x (—1) x (—36) x (32) = 88. 
The product of the multipliers works out as 


0 1 3-82 
0 0 1 4 
0 0 01 


(ii) Rows, but not Columns, taken in Consecutive Order. With a as 
for example (i), another possible scheme of reduction is 
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1 4 1" 8 100 Ol=f 0 01 = O7,; 
0-1 3-1 0 10 O —3 -18 3 —10 
3 10 2{f{-1 -4 1-3 3 10 2 
1-2 56 1 0 00 1 —4 —-22 5 —14 
0 O11 o7f1 -%2 0 -3297=f 0 01 OF, 
—~3*~13 3 —-10]/]0 1 0 0 -..Ὠδο 80 
3 10 2[|[|0Ὸ 0 1 of | 3-12 0-8 
—~4 ~22 δ —-141L0 0 0 1 -4 -1£ δ -3 
o o1 0 1 00 01=f 0 01 OF. 
-3 0 8 O7f0 1000 -3 0 8 0 
8 -1ῷ 0 -85: [[][9 01 0 8. 0 0-8 
—4 --1 5 -2 410 -% 0 1 -4 -΄Ἡῖἶἷ 5 - 


By three interchanges of its columns the final matrix can be brought 
to the triangular matrix 


1 0 0 0 
3-3 0 0 
0 3-8 0 
5 —-4 -ἰ -—}} 


Hence |a| = 1x (—3)x(—8) x (—44) x (—1)8 = 88, as before. The 
product of the multipliers in the present case is | 


U,M,M,=[o 1 αὶ 
| 0 0 0 ] 
1-1 ᾧ -ἰ 
0 01-3 


This matrix has unit determinant. It can be represented as a triangular 
matrix by a rearrangement of its rows, but not by a rearrangement 
of its columns. 


(iii) Columns, but not Rows, taken in Consecutive Order. With a 
again as for example (i), an illustrative sequence of operations is 


1 41 3771 2-5 -ljJ=fi 6 -4 2], 
0-1 3 -1};]0 1 O 0 0 -1 9 -- 
8 1 0 2770 0 1 90 3 7-15 -1 
1*—-2 5 1110 0 O ἃ 1 90 0 90 
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1 6 -4 2771 00 OF=fl 6 14 —47, 
0-1* 3-1//0 1 8 -1 0-1 0 0 
ὃ 7-15 -1//0 0 1 0 3 7 6-8 
1 0 o oO440 00 1 1 0 0 0 
1 6 14*—4]7f1 0 0 OJ=fl 6 14 0 
0-1 0 O}]]0 10 0 0-1 0 0 
3 7 6-—8]/70 0 1 # ὃ 7 6 —4Sf 
1 0 0 0000 1 1 0 0 0 


If the rows of the final matrix are taken in the order 4, 2, 1, 3— 
corresponding to the row order chosen for the starred elements—the 
result is the triangular matrix 


1 0 0 0 
0-1 0 0 
1 6 14 0 
3 7 6 4 


From this it is seen that |a@| = 1x (-—1)x 14x (—44) x (—1)* = 88. 


4.4, Reduction of Triangular and Related Matrices to 
Diagonal Form. The reduction of a triangular matrix to the diagonal 
form is a simple matter. If the given non-singular matrix is 


T= Τιλ 0 ; 0 0 > = eens (1) 


then by operations on columns only _ 

Tm, 0 0 0 1 0 O 07: 
| te τ «8 0 0 1 OO 90 τι τὸ 0 0 
| Ta, Ts, 145 0 |) Ὁ 0 1 0 


T T T | | 
Το Tao Tan TH ee gen a | 0 oO O 
41 742 Τὰ} Tae μὶ Ξε πα 
44 44 44 


Pal 
The result of the postmultiplication is that all the elements of the last 
row with the exception of 7,, are annulled, but the matrix is otherwise 
unaltered. Clearly, by a succession of such operations 7 is reducible to 


the diagonal form d6=f[7, 0 0 O7. πι..-- (2) 


0 τὰ O 0 
0 O Ts, 090 
0 9 0 τω 
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If the given matrix is a triangular matrix with its rows interchanged, 
a similar method may be adopted. For instance, if 
C=[0y, T σις OF, 
σι ὅς 90 0 
Tx, Tsp Fsp Tae 
σι 9 9O 90 
then by three successive postmultiplications this matrix is reducible to 
0 dy 9 0 
0 0 0 ox% 
σὰ. 9 06 0 


4.5. Reciprocals of Triangular and Related Matrices. The 
reciprocal of the triangular matrix 7 (see (4:4-1)) can be obtained as 
follows. Consider the system of linear equations 


1 = hi, 
τ Bayt Yy 2 = Ne, 
τ ty, " Ye ¥3 3) 
Tay 


T T 
pat Mats vate =h, 


in which Ay, he, hs, hy are ΒΞ Ὁ ΒῈν "These equations are equivalent to 
τὸ ἵν =h (where δ is the diagonal matrix (4-4-2)) and their solution 


can be written y= wh, 


where ὡ-1 = 7-1 or τοῖϊξεδ ἴω. Hence τοῦ can be obtained by multi- 
plication of the successive rows of w by 1/71, 1/Tag, 1/733, 1/Te4, Te 
spectively. 

Now the elements in the first column of w are the values of y when 
h = {1, 0,0, 0}: similarly, the elements in the second column are the 
values of y when ὦ = {0, 1,0, 0}; and so on. But when h = {1, 0, 0, 0} 


= 1, 
Ye = | -3" x I, 
T ae i 
¥3 = rae --Ξ ἔψυ Ya}, 
11 


%= | - <a, — 88 #,—Te| ἵψυψω Ya}. 
11 
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This suggests the following scheme of computation. The scalar multi- 
pliers by which the rows of w have to be multiplied to give 7-1 are 
written on the extreme right. 

(1/743) 

(1/722) 


(1/793) 


(1/144) 


Y (matrix w) 

Rules: (i) To form the left-hand array (X) enter blanks in, and to the 
right of, the principal diagonal. Derive the remaining elements from 
7 88 shown. 

(ii) Commence the right-hand array (Y) by entering units in the 
principal diagonal, and ciphers to the right of that diagonal. 
| (iii) Calculate the remaining elements of w in succession by the 
following method. To obtain w,, postmultiply the row of (X) level with 
ὡς; by the part-column of (77) standing above w,,. Blank elements of — 
(X) are to be disregarded. 

(iv) To find τοῦ, multiply the rows of w reepoctively by the scalar 
factors on the extreme right. 


Column No. 1 of (Y), for instance, is completed as below: 


on =| -28 |x, 


Os) = | -%, - za] x {1, Way}, 
δ τῳ “τ Ta Τ 
Ὁ On -(-%, ΠΕΣ ΟἹ τα [χα Wo1, Ws3}- 


Τὰ Τρ | Ts 
A similar procedure is possible if the given matrix, say o, is derived 
from @ triangular matrix 7 by interchange of its rows, but the con- 
struction of the arrays (X) and (Y) in this case requires care. The 
simplest and safest method is to convert o first to the triangular form 
by actual interchange of the rows. Suppose for example 
1% σῷ O 0 
Tx Fsq σῇ OR 
oO Ὁ O 0 
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The stars indicate the last non-zero elements of the rows. If the rows 
are taken in the order 4, 2, 1, 3 to bring the starred elements into the 
principal diagonal, the resulting matrix is triangular. This process can 
be represented by 


00 0 1Vfoun Os of 0]=[o% 0 0 0 
0 10 Oljo, σῇ O 0 σι σὰ O 0 
1.0 0 Ο]]σῃῃ: O32 σε σὰ σι Tr Ts 0 
001 ΟΙισὶ 909 06 0 σῃι Fs, Fs σὰ 
For brevity denote thisas No =r. nee (1) 
Then the reciprocal of σ᾽ is given by 
σ᾿ τον. ἐρονυς [97 


The appropriate multiplier N in any given case is found by the following 
rule: W is the transposed of σ with its starred elements replaced by 
units and all other elements replaced by ciphers. 

_ If o is derived from a triangular matrix 7 by interchange of its 
columns, then the equations corresponding to (1) and (2) are oM =r 
and o1= Mr. In this case the first non-zero elements of the 
columns of o are starred, and the multiplier M is then derived as before. 


KXAMPLES 
(i) Reciprocal of Triangular Matrix. Suppose (see example (i) of ὃ 4-3) 
T=f1 0 0 0 | 
0 - 0 0 
3 —1l1 —36 0 
1 -6-14 2 
The first step is to prepare the following scheme in accordance with 
rules (i) and (ii). | 
| (1) 
(-1) 


(= #5) 
(zx) 


x |  Y (matrix w) 
To complete the first column of w, we calculate in succession 
Wo, = [0] {1} = 0, 
Og, = f—1l, — 6, — 75) {1, 0, — 3} = 3. 


106 RECIPROCALS OF TRIANGULAR MATRICES 4-546 
Similarly, w,. = [—3, —11]{0, 1} = -- 11, and so on. The results are 
entered in (7) as they are obtained, and give 


Y= 1 0 0 0 
0 1 0 0 
-- -ll 1.0 
ὁ -ἴ τύ 1 
Hence | Ti=[ 1 0 0 Of. 
| 0 --} 0 0 
ἦς 36 —ve 0 
a -ἰς --ἰς ἐς 
(li) Reciprocal of Triangular Matrix with Rows I nterchanged. — 
Suppose σ-- [8 —11 —36* 0 


10 -1* 0 0 
Ι —6 —14 22% 
1* 0 0 90 
Taking the rows in the order 4, 2, 1, 3 to bring the starred elements 
into the principal diagonal, we have the triangular matrix already 
considered in example (i). The appropriate multiplier N is here 
00 0 1 


0 1 0 0 
1 0 0 0 
00 1 0 


Hence, by the result of example (i), 


σῖὶ- [1 0 0 ΟΠ[0 0 0 1 
~ 10 -]} 0 O7;F10 1 0 OF 
dt #H-d off1 0 0 o 
ὦ -%-& wllo ὁ 1 ὁ 
= 0 oOo 0 41 
Oo -1 0 0 
τὰς HO ὦ 
-k -ἃἢ ow & 


4-6. Computation of Determinants. The abridged schemes 
of computation of determinants now to be described ae based on the 
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theorems given in 88 4-2 and 4-3. The treatment is applicable generally, 
but for brevity the given determinant will be assumed to be of order 4. 
Thus A=|a|, where 
B= 14, Aq Ag Ay }- 

Qe, ὧς Aggy og 

Gs, ὧδ ὧδε Aga 

By, ὧς Ug Ομ 
The process consists effectively in the reduction of the matrix a to a 
triangular form. Many methods of computation of determinants are 
of course based on the same principle, but the reductions will here be 
expressed by means of matrices. 

A convenient abridged scheme of computation, which corresponds 

to the sequence of postmultiplications represented by equations 
(4:3:1, 4.3.2, 4-3-3), is as follows: 


* _%2 _%s _ te 
αι Bq Ag MMe Gas Gis Gat 
(A) Gyr ἂς ἄς ἂμ 1 0 0 (A) 
ὧι ἂχ ἄχ ἄμ 0 1 0 
ἄν ἅς ἄς ἄμ 0 0 } 

b b 
b,,* bis bis he “5 
(B) be, ὅς, gg 1 0 (ΒΊ 
δι ben ὅς 0 1 
* O18 
(C) “a” as Cn (Ὁ) 
Coy Cg 1 


(D) d,,* 


The value of A= | a| is given by the product a, 616,44). 

' The top left-hand array (A) is the array of the elements in the given 
determinant A. The leading element a,, (shown “starred’’) is divided 
into the remaining first row elements, and the results with their signs 
᾿ changed form the first row of the top right-hand array (A’); this array 
is completed by the elements of the unit matrix J,. To obtain the array 
(B), the starred row is omitted from (A), and the remaining rows are 
postmultiplied by (A’), in accordance with (4-3-1). The array (C) is 
derived from (B), and (D) from (C), in a similar manner. 

In the preceding arrangement the starred element on the left is in 
each case the leading element of the corresponding array. However, 
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by slightly generalising the scheme, we can remove this restriction and 
star any convenient element in any left-hand array. The rule in this 
connection is as follows: 


Rule: If the chosen starred element in any left-hand array (say B) 
lies in the ith row and jth column of that array, then the corresponding 
right-hand array (B’) is constructed from the ith row of (B) and from 
& unit matrix as previously, except that the elements derived from (B) 
must be entered as the jth row of (B’). The value of A is then the product 
of the starred elements multiplied by the factor (—1)¥%, where N is 

the total number of interchanges required to bring the starred elements 
_ into the leading places of their arrays. 


EXAMPLE 
Evaluate the determinant | | 
A=[ 5592 0 240 0 174 
0 6013 O 1172 0 
0-21 1-899 -1 1-862 0-21 
1:258 0-005 0-669 -—1 0-580 
| 0-008 0-832 0-008 0-670 “--} 


2 0 24-0 0 174 1 0 0 0 
601-3 0 117-2 0 0 1 0 0 
21 189 + 4* 1-862 0-21 0-21 1-899 1-862 0: 
258 0-005 0-669 =] 0-580 0 0 I 0 
008 0-832 0-008 0-670 -} 0 0 0 1 
564-24 45-576 44-688 179-04 1 0 0 
0 601:3 117-2 0 0 1 0 
1:39849 1-27543  0-245678 0-72049 | 0 0 1 
0-00968  0-847192  0-684896 —0-99832* | 0-009696  0-848618 0-686049 
565-976 197-513 167-518 1 0 
0 601-3 117-2* 0 1 
1-40548 1-88685 0-739969 | O — 513055 
565-976 --661:946 1-35868 
1-40548*  -—1-90960 | 1 
107-034" _ 


— 
=(-1)x(- — 0:99832) x 117-2 x 1-40548 x 107-034 x {(- 1)14 
= 1760]: ἃ. 


4.7. Computation of Reciprocal Matrices. Three different 
methods will be described. They will be dealt with under separate 
headings, and will be referred to as (i) the method of postmultipliers, 

(ii) the method of submatrices, and (iii) the method of direct operation 
on rows. 
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In the first two methods definite rules for procedure must be learnt. 
In the third the operations are extremely simple, and are left to a large 
extent to the judgment of the computer. | 


4.8. Reciprocation by the Method of Postmultipliers. It iia 
been shown in ὃ 4.8 that by the application of n—1 successive post- 
multipliers, M,, M,, ...,M,_,, each of unit determinant, a given non- 
singular matrix a of order n can be reduced to a matrix o, which if not 
immediately triangular is a triangular matrix with its rows inter- 
changed. The reciprocal of o can be found readily by the methods of 


§ 4-5, and then a-) = (MM)... M,,_,) στα, 


The construction of o and of the product M, M,..._M,_, can be effected 
simultaneously by a slight extension of the scheme already described 
in §4:6 for the computation of determinants. ΤῸ avoid unnecessary 
complication the starred elements will be restricted to lie in the first 
columns of their arrays, although they need not necessarily lie in the 
first rows. A representative abridged scheme of computation, appro- — 
priate to a matrix of order 4, is as follows. 


οὖς (ὦ _%u 
Gy, hg yy Gs Gat Ont 
(A) Ge, eq ἂς Bee 1 0 0 (Α) 
Gag gg ἄμ, 0 1 0 
Gq ἅμ ἄς ἄμ 0 0 1 
πο προ Oe Ri τς 
buy bis bis -ἰ -ἰϑ 
(B) 31 $1 (B’) 
be, Dag gs 1 0 
νὰ bsg ὃ, 0 dj 
- — | αι 
ph, SES I esas 
C σ΄ 
(C) ee oe -3 (C’) 
ὧι 5 1 
(0) ἀὰ 


Rules: (i) Proceed as for the computation of determinants (see 
§ 4-6), but introduce blank upper rows on the left as necessary, 80 as 
to preserve a constant number of rows. Temporarily leave empty 
rows on the right opposite the blank rows on the left. 
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(ii) After calculation of d,, fill the empty rows on the right in 
succession. To find [α;, ας] premultiply the two part-columns of (B’) 
already determined by the top row of (A’). Similarly, to find {f,, Ba} 
premultiply the part-column of (C’) already determined by the two 
top rows of (B’).f 

(iii) To form the matrix o, set down in succession the first columns 
of the left-hand arrays (disregarding places filled by blanks), and 
always write ciphers to the right of each starred element. 


(iv) To form the product (U,M,M,), write down the successive 
first columns of the right-hand arrays, and precede them by the column 
{1, 0, 0, 0}. | | 


_ In the particular case taken the matrices σ᾽ and M, M, M, formed in 
accordance with the rules given would be 


G=[ay by ch, 07; M,M,M,=[1 —ag/ag, αἱ Ay 


ὥχι bey Ca Ay 0 1. -ρρίδιἨ[ἨἘἩ β,, 

aay 0 0 0 0 0 1 -Ξ Οιαί C14 

dy, ὃ 0 0 0 0 0 1 
Moreover, | a | = a3 bs; C4,44)( = 1)4, 


The reciprocal o—! can now be found by the methods given in ὃ 4:5, 
and then a“) = (MM, My) o-. 


If required the adjoint of a can also be deduced by use of the relation 
A=a-la|. It may be noted that, since o—! necessarily contains a 
column proportional to {0, 0,0, 1}, one column of a-1—and therefore 
of the adjoint 4—will be proportional to the last column of M, M, M,. 
Accordingly, the adjoint has a column proportional to the last right- 
hand array of the abridged scheme. 


EXAMPLE 
Suppose a=f1l 41 8 
0-1 3 —] 
8 10 2 
1—2 65 l 


More generally, to complete any right-hand array (K’), premultiply the submatrix 
of K’ already determined by the appropriate submatrix taken from the top of the com- 
pleted preceding right-hand array. 


- | 
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Tho abridged scheme which follows should be compared with the 
calculations given in extenso in example (iii) of ὃ 4.8. 


ἃ ἃ ὁ ΧΙ 87 
Ἐπ --] ] ’ 
(4) 3 1 0 2 o 1 0 (2 
1* -2 5 1 0 0 } 
= ΒΕ 5 Το ΤΗΝ 
6 —4 2 3 - , 
@) ue 93-1 . oe Ὁ 
7 -15 -l 0 1 
- - -ᾷ 
(C) τ: oe ee χὰ 
14* - 4 + 
-8 ] 
Φ) -ἴ" 
Hence 
o=—[l 6 14* 07 and M4M,M,=f1 2 1 -3 
0-1* 0 0 013 -4 
3 1 6 —44* 001 2 
1*¥ 0 0 0 000 1 
Also ja| = 1x(—1)x 14x (—44) x (—1)4 = 88. 


Note that the array (B’) is completed by 


[2 -- -1][3 -- 1] =[1, -- 81, 
[ ἢ 
to 1 


and that (C’) is then completed by 


sala ΒΗ 
ἜΗΝ 
To find o—! the method already illustrated in example (ii) οὗ ὃ 4 ὅ can 


be used. Thus | 
Ν-ΓΟ 0 


0 1] and No=r=fl* 0 0 0 
0100 0-1* 0 0 
1000 1 6 14* 0 
001 0 3 1 6 —44* 
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The scheme for the computation of w is here 


ἫΝ 
(-1) 


(7x) 
3 (- 2) 
ΧΑ Y (matrix w) 
Hence ois 1 0 0 ΟἼΓΟ 0 0 IT}. 
0 -1 0 0 0 1 0 0 
-ὰῷέ # ἃ Off1 0 0 0 
| gs —3t ἐς πῇ] 0 1 0 
Finally, απ = (M,M,M,) στ 
=fl 21-4397170 o 0 1 
013 -t//0 -1 9. 0 
0 0 1 eiigs ὃ 0 -+~ 
000 Isle -ἃ -ῷ ot 
=%[-5 15 19 --81. 


3-31 -—7 18 


If required, the adjoint of a can now be deduced by use of the relation 
A=a-|a|, and the known value |a| = 88. One column of the 
adjoint is proportional to {19, 1, —2, —7}, or to column (C’) in the 
abridged scheme. 


4.9. Reciprocation by the Method of Submatrices. This is an 
independent method based on the properties of partitioned matrices. 
‘Suppose a to denote a non-singular square matrix of order m. Then 
a can be partitioned as below into four submatrices: 


a= bees 7), Xy9(F, ᾿ ὶ 
me Oa1(8, r), Oaa(8, 8) 
The orders of the submatrices are as indicated, and r +3 = m. 
Let the reciprocal 8 = a— be correspondingly partitioned; thus 
| B = Bull, 7), βιιί, ε . 


«ι(8,7), βᾳκ(δ, 8) 
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Then, since fa = £,,, we have the four relations 


By1%11 + Piste, = L, 
B11%2 + βικᾶς = 9, 
Bar %1 + βηχᾶ = 0, 
Bai % 2+ Poa%aq = 1, 
These equations may now (in general) be solved to give the submatrices 


of £ explicitly. The results may be expressed as follows. Let 
Χεαρΐα; Yay ayyts θεεας,-- 7αις = Ogg — Oy X. 


Then Ay = t+ ΧΟ 1Υ, 
Bix = -- XO, 
Bun = —F"Y, 
Bay =o". 


These formulae serve to determine £ provided the reciprocals a;,;' and 

6-1 exist. If a;,! is known, the quantities X, Y, Θ can be calculated, 

and # can then be deduced. An arrangement of the numerical work 
which is convenient and self-explanatory is suggested below: 


In the simplest application r = m—1 ands = 1: then ας; is a single row, 
Mis & single column, ας; is ἃ single element, and 9 is a scalar. More- 
over, since in this case @-! is the last diagonal element of αἱ, namely 
|x, |/|@], we have the relation 


O= [αἰ αι}. nee (1) 
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The general procedure in dealing with a given numerical matrix 
will now be explained. Suppose the matrix to be 


= 1% Fg ... An |- 


ani Ans eee Gan 


Then a sequence of matrices 8,, S,, 95, etc., progressively including 
more and more of the principal diagonal elements of a, can be formed. 
as follows: 


8, = [4], 


S,= Be el ’ 
Gq, Oe 


S3= [Gy ἀκ, 43] = 3 3}; 
ἄμ ἂμ ἄμ} [ἃ Θ᾿ ὥμ 
Gg, 32 35 Mz, gq | ὦ 

S,= [ay ag Gg A] = | 444 ]> 
Gq, Agg Ugg Oy Ss ὔμμ 
Qi ὧμ ὧς Seal fo | sg 
Gq, Me Ag ἃ By, Un Ugg | Oy 


and so on. 
Commencing with the second of these, we can write down the 
reciprocal of S, immediately; thus 


a saz τοὶ 


5; Gog —~ A129 


044 Gog — B09 51 | —GQ@qy ἄ, 


Using the value of S;1, we can now apply to S, the scheme of computa- 
tion just described, and so obtain S3!. Next, using S;1, and applying 
the scheme to S,, we i S,1. Proceeding in this way, we finally 
obtain S;* or a-. 

In the exceptional case where a singular matrix, say S,, is en- 
countered (as indicated by @ = 0), the simplest procedure is to transfer 
the 7th row of a to last place, and then to continue as normally. This 
rearrangement of the rows will be equivalent to premultiplication of a 
by XN, where N is the unit matrix with its ith row transferred to last 
place. The final reciprocal matrix as computed will then have to be 
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postmultiplied by N to give α΄ (compare (4°5-2)). More generally, 
if several rows of @ are transferred in the foregoing way during 
the computations, the appropriate multiplier N can readily be con- 
structed. 7 

If 0, denotes the value of @ obtained in the construction of 87}, 


then by (1 | 
y () A= (Si (Sal. 
Hence | |a| = 0,0, 1... 0,9}. 
EXAMPLES 


(i) Normal Case (Matrices S all Non-singular). Suppose the given 
matrix to be (see example, ὃ 4.8) 


a=fl 4 1 81. 

0-1 8 -- 

3 10 2 

L1-2 5 1 

Then &=fl 4) = Sy 
[ἢ] 


The scheme for the computation of 931 is as follows: 


ila ἱ.. 127). 
t+ ἢ 


Hence | S)=[-+4 ds 311. 
οὐ τή τὸ 
δδ ! —¥e 


-ὖἶἣς δὲ ee 


5 ae Fe 2 | 
itz -- γε -κἶς 
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Hence (compare result of example in ὃ 4-8) | 


Staet=(-£& Καὶ Bi-w& 
ἐς ἃ ἀ τὴ 
me a ἐξ 
&-H-&! & 

=aAr-5 15 #1 


3-31 -—7 18 
The determinant |a| is here given by 
0,03 | S,| = 22x (—36) x (—1) = 88. 
(ii) Case of Singular Matrix S. Suppose 


a=f1l 11 2 1]. 
1 2 4 8 
1 0 0 2 
3-1 1 5 
Here | S,=[1 1] and S;*/ 2 —1]. 
li 2 [-1 


Proceeding to Sz, we find that 6 = 0: thus 


This result indicates that S, is singular. Transferring the third row of 
a to last place, and continuing as normally, we have 


Lastly, 
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The required reciprocal matrix is accordingly 


at=f 4-2 0 4)]f1 0 0 0 
$3 -% 14|]0 1 0 0 
- # 4-¥[[o 001 
- 2 0 2 ]{0 0 1 0 


=1f 12 -6 38 0]. 
5 -1 14-6 
-1 2-10 8 
-6 3 8 0 


(iii) Specimen Calculation for Sixth Order Matrix. In the preceding 
examples the successive steps have been explained in some detail. 
To illustrate the compactness of the method, we shall now compute 
the reciprocal of a symmetrical sixth order matrix, omitting all un- 
essential steps. The given matrix is 


a=[10-472 0-506 0 — 3-935 —0°521 0 ; 
0-506 11:016 5-000 —0-521 --1 046 3-750 
0 5000 26-000 0 0 — 1-050 


3-935 —0-521 0 6-322 0:536 0-355 
—0-521 —-1:046 0 0-536 2-737 0 
0 3750 —1-:050 0355 0 3-881 


and the computations begin with Sy} bordered (see next page). 


To illustrate the accuracy, the product of the given matrix ὦ and 
the computed reciprocal is given below: | 


αα΄ = 
0-999995, 0-000000, 0-000000, 0-000003, 0-000000, 0.0000001. 
0000000, 1-000003, —0-000001, 0-000001, 0-000001, — 0-000002 
0:000000, 0-000003, 0-999999, 0-000001, 0-000002, —0-000006 
0-000002, 0:000000, 0-000000, 0-999996, 0-000000, 0-000000 
0-000000, 0000000, 0-000000, 0-000000, 1-000000, 0000000 
0-000000, 0-000001, 0-000000, 0:000000, 0-000000,  0-999998 
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0 5-000 


0-0957052, -~-0-00439604 
— 0-00439604, 0-0900790 


~0-0219802,  0-454895 


— 0-0219802 
᾿ 0-454895 


0-0421487 


~ 3-935. ~ 0-521 0 


— 0-374170 
~ 00329874 
0-00634371 


0-206934 | —0-374170, -0-0329874, 0-00634371 


~0-521 -1046 0 0886 
~0-0210980 | 0124697,  —0-00226331, 0-000485253' 0-0774285 


— 0-0996846 | —0-00226331, 0-0999260, -0-0192165 |; 0-00682621 
0-0191701 0-000435253, —0:0192165, 0-0421570 


ee le et cree αν ὧν ὦ “ὦ ὦ αν ὧὦῷ πρὶ el i ed al 


0-0634362 | 0-0774285,  0-00682621, —-0-00131273 
0-386438 | -0-0210980, -0-0996848, 


0-0191701, 


0 3-750 ~ 1-050 . 0-355 


0-0215710 


0-124869,  -0-00145057, 0-000278958, 0-0769113 : 0-00815307 0 
0-411631 | -0-00145057, 0-103766, -ΟΟΙ906δ0θ,Ἠ,  0-00438253 | 0-0385219 | 8.760 
—0-119544 | 0-000278958, -0-0199550, 0-0422990, —0-000842790: — 0-00740806 | ~ 1-050 
O-0013830 |__O-O7G0118, _ 000438252, - 0-000842700,_ 0208489 | -0-0245142 | 0-355 
0-143533 0 


0-00815307,  0-0385219, —0-00740806, —0-0245142 | 0-386438 
0-0215710, 


0-458833 0-411631, 


0-125082,  0-00262354, - 0-000004232, 0-0778153,  0-00957369 ~0-00989749 
0-00262354, 0-181511, ~-0-0425333,  0-0216326, 0-0656310 —0-188870 
— 0-000904232, — 0-0425333, 0-0488561, -—0-00585247,—0-0152809 — 0-0548507 
0-0778153, 0-0216326, —0-00585247, 0-212316, -0-0184902 ~0-0419066 | 
0-00957369,  0-0656310, —0-0152802, -0-0184992, 0-305891 ~—0-0658577 
~0-00989749, -0-188870,  0-0548507, -0-0419066, —0-0658577  0-458833 


α΄Ξ} 
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4-10. Reciprocation by Direct Operations on Rows. This — 
method offers the great advantage that no formulae have to be 
memorised.The underlying principle is the reduction of the given matrix 
a to a triangular form and then to the unit matrix by a succession of 
simple operations on rows. These operations are simultaneously per- 
formed on the unit matrix, which is ultimately transformed into the 
required reciprocal. The process is thus essentially the same as that 
given in § 4-8, but with premultipliers used instead of postmultipliers. 
However, the actual scheme of numerical calculation is ' considerably 
different. 

A simple example will make the procedure clear. Suppose the given 


matrix to be 
a = 36 16 4 Φ 
hs 9 3 
6 4 2 


Then the required reciprocal is such that 
(r,)[36 16 471α- Ξ Ὶ 0 07. 
(9) 9 |" | 1 0 
(3) 4 2 00 1 


‘The symbols τὶ are used in this and in subsequent equations merely to 
identify the rows. Now operate on the left-hand and right-hand rows 
of the equation in the manner indicated below: | 


Operation § New Row No. 


hr, ts fo 4 ljat=fF7k ὁ 0 
tr, ts |: 3 ἢ [ ξ 4 
ir, γς 8 2 1} 00 α 
γ,-τ- 8 7 6 2 0ΤἹα ἱ  ΓΣ 0 -- 
γι --Ἴς ts : 1 [ 4 5] 
= te 3 2 1 00 } 


The last column of the matrix on the left now contains only one non- 
zero element (namely the unit), and one further operation completes 
the reduction to a triangular form. Thus 


Operation New Row No. 


7-1 4 1 0 07 α- τὰ -ὸέ 2 
᾿ : ; ο [ ; -{ 
3 2 1 
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The foregoing reduction to triangular form can conveniently be 
arranged as below: 


6 


GS τῷ tat mam ἢ ὧν ὦ OA Ὁ 

se Ὁ] ὦ μι τ d wal Po 
οἰ coOoOmm= =! 19 0 A 
CO | oe OM CO Om! OO = 


The value of | a , if required, is now given ng 
[a] =(§x$xd)7 = 


The operations on rows can be continued to effect the reduction of a to 
the unit matrix. Thus 


Row No. | Left Array 


The final right-hand array gives the required reciprocal. 


4.11. Improvement of the Accuracy of an ἀπ ρεουν θεν 
Reciprocal Matrix. If an approximate reciprocal matrix has been 
obtained, and greater accuracy is required, the following method is 
usually effective. Let a be the given matrix, p the approximate re- 
i ae and p + dp the exact reciprocal. Then a(p + dp) = I, or 


adp = 1-- αρ. 


Premultiplication by p gives, approximately, dp = p(I— 4): Hence 
the next approximation to the reciprocal is 


p+dp = p(2i—ap). 


| 
| 
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The conditions for the convergence of this method of approximation 
are readily obtained. If p = p, and p+dp = py, the last equation gives 
I —ap, = I —apo(2I —apy) = (I — app)’. 

Similarly, for a second approximation, 

I —ap, = (I—ap,)* = (1 --αρρ)3, 

and generally I ~ap, = (I—ap,)*. 

Hence provided that p, is such that the latent roots of I — ap, all have 
moduli less than unity, I —ap, will tend rapidly to zero as r increases, 
i.e. p, will tend rapidly to a-1. In particular, this condition is satisfied 
if p, is a fairly accurate reciprocal of a, so that the elements of 1 —apy 
are all small. In practice, if a very accurate reciprocal of a matrix is 
required, it is probable that labour will be saved and the possibility 
of error reduced by a preliminary calculation of an approximate 


reciprocal and a subsequent application of one or two corrections 
according to the above scheme. | 


EXAMPLE 
Ifa = ᾿ | , then the exact reciprocal is 


2 1 
α΄Ξ 1 —3]. 
“2. 7 


Suppose a known approximate reciprocal to be 
p= [ 0-998 — Se : 


—1-994 7-013 
Then 21--αρ- [2 0]-- [1.004 aa = 0-996 —0-004]. 
0 2 0-002 1-003 —0:002 0-997 


Hence the next approximation to a is 
p(2I—ap) --[ 0-998 —3-005][ 0-996 —0-004 
—1-994 7013|}}]-- 0 002 0-997 
=f 1-000018 --2:999977|. 
—2-000050 6-999937 


412. Computation of the Adjoint of a Singular Matrix. The 
adjoint A of a non-singular matrix a can be obtained by the first or 
the third of the methods of reciprocation already described, and use 
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of the relation A = |a|a-. Attention will here be restricted to the 
computation of the adjoint of a singular matrix. It will be remembered 
(see §§ 1-10, 1-12) that the adjoint of a simply degenerate matrix has 
proportional rows and proportional columns, while the adjoint of a 
multiply degenerate matrix is null. For many purposes it is sufficient 


to obtain a column of numbers proportional to a non-vanishing column . 


of the adjoint, if such a column exists. 
A numerical example will sufficiently explain the procedure, which 
is an adaptation of the method of ὃ 4-10. Suppose the given singular 


matrix to be 
a=f2 4 6 ; 
3 9 1 
4 16 98 


Let any convenient element, ΒΘ Ge, (= 15) be even @ small increment 
e. Then 


2 4 6 =|/2 4 6/4/22 4 0/= €A 45, 
3 9 15+6e ὃ 9 15 3 9 ς 
4 16 28 4 16 28 4 16 0 


where A,, denotes the cofactor of @o,. Hence, if the increment of the 
adjoint due to ¢ is eB, 


2 4 6 1(A+e6B)=cAgsfl 0 067]. «νὸς (1) 
: 9 a4 f 1 j | 


416 28 001 


Direct operations on the rows of this equation are now performed, as 
in § 4-10, until a row is obtained on the left containing only one non-zero 
element which is proportional to e. Thus 


μω 
a 
em OOe Om Oo] ὥμ ὦ 
Hoa OMe OO] =e Oo 


2 
3 
4 
1 
1 
1 
0 
0 
0 
0 


© pw do = ih CO ἢ9 


| 
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The last row obtained yields on division by ¢/3 (see (1)), 
‘[0, 0, 1](4 +B) = 4ω[-- 3,1, — 31. 
Hence when ε is made zero | 
Ο[0,0, 114 = [Ays, Ags, Ags] = 4,([-- ἢ, 1, — 3]. 


Since A has unit rank, it follows that each row is proportional to 
[-- i, 1, - $]. | 

In practice it is not necessary to introduce the increment e¢ explicitly. 
The operations are performed simply on the matrix a, and are con- 
tinued until a null row is obtained on the left. The corresponding row 


_on the right will then be proportional to the rows of the adjoint. 


Next, if the transposed of @ is taken for the initial left-hand array, 
and the process is repeated, a row will be derived on the right which, 
when transposed, is proportional to the columns of A. The adjoint is 
then determined apart from a scalar multiplier. If required, this 
multiplier can be obtained by evaluation of a non-vanishing first 
minor of a: the calculation is usually simple, since by the preceding 
operations some of the first minors will already have been reduced to 
8, triangular form. 

A caution should be added. If during the evaluation of the adjoint 
it is found possible to derive on the left two or more null rows from a, 
corresponding to linearly independent rows on the right, then a is 
multiply degenerate and the adjoint is null. Accordingly, when one 
null row has been obtained it is always advisable to ascertain whether 
another can be derived independently. | 

The scheme of computation described can also be viewed as follows. 
Suppose 1',, 12; ---, 1, to be the rows of the given matrix a. Since a is 


n 
degenerate, there will be one or more relations of the type Σ 4,7, = 0 
| i=l 


between the rows, where the multipliers A, are scalars; the number of 
such relations will equal the degeneracy of a. When a is simply degen- 
erate, the row [A,, A,, ...,4,] 18 proportional to the rows of the adjoint 


Ή 
of a, and in the general case the relation >) 44,7, = 0 is equivalent to 
ἐπὶ ἢ : 


[A,, Ag, ----4,]@=0. Evidently the process described, in which 
various nanltipion of the rows of a are added until the sum total 
vanishes, amounts simply to a determination of the coefficients A,. 
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EXAMPLES 


(i) Simply Degenerate Matrix. The complete calculations for the 
matrix already considered are summarised below: 


0 
1 
0 
0 
ἐ 
0 
+ 
0 
0 
$ 


0 
0 
1 
0 
0 
ὲ 
0 
t 
t 
t 


ow) Oro ie Sole OO 


Hence A = c{}, —4, ξ}[-- 2, 4, -- ], where ὁ is an unknown constant. 
Also the cofactor of ας is, in the fourth and seventh rows of the above 
table, reduced to triangular form. Hence 


Asg = (1X 1)+(4x}) = 6. 

Alternatively, from the operations on the transposed matrix, 
Ags = (1x 3) + (4x }) = 6. 

Hence c = —6 x 48 and 
A = {1, —2, 1}[12, — 16, 6]. 

Note that the row and the column determined have the properties 

[=2, 4, - ἔα = αἱξ, --, 9 = 0. 
(ii) Multiply Degenerate Matrix. If 


a=f[ 2-1 8 65 
3 2-1 4 
1-4 7 6 

3 


eM. «Ὁ, δὲ 


the computations are as follows: 
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ξ 
i 
i 
j 


5 10 0 0 2 3 1 -4 1 0 00 
4 0 1 0 O| -1 2 -4 - ΘΟ 1 0 0 
6 0 0 1 0 3 -1 7 6] 0 OO 1 90 
3 0 0 0 ἃ δ 4 6-31 0 ὁ 0 1 
τοῦ 000 1 αὶ }¢ -2 + oO 0 0 
4 0 4 0 0 1-2 4 δ] 0 -1 O 0 
6 0 0 1 0 1 -} ¢& §& o 0 ἃ 9 
3 0 0 0 -4 1 4(. ¢ -δὲἱἑ [ © 9 0 ὁ 
-%3|/ -%* ¢ 0 O} O -ἰ §& 7 {-# -1 O 0 
%)/-+ 0 1 O O -" %W Al τὶ 0 + 0 
-%|-+ 0 90 -ξ 0 -% ww ξ| τ-ἢ 0 0 ¢ 
-1}| -# 3 0 0 o 1-1 2 + # 0900 
-} 0-7 0 Ο 1-1 2] & O -ἀ 0 
-1| -? 0 0 -} o 1-1 2 $ [0.0 -3 
+ -, -} 0 o 0 0 9 τ - -ῶὰ 0 

+ -ὸ 0 τὸ 0 0 Oo 9 $+ -% O -# 


The process yields two null rows from a, corresponding to linearly 
independent rows on the right, so that the adjoint A is null. The 
following four relations, derived from the rows corresponding to the 
null rows of the left-hand arrays, may be noted: | 


[2, —1, —1, 0]a=0, 
fl, —2, 0, —I]a=0, 
a{5, --11, —7, 0} =0, 
 af2, -1, 0, -1}=0. 


4°13. Numerical Solution of Simultaneous Linear Algebraic 
Equations. | . 

(a) Preliminary Remarks on the General Nature of the Solution. 
Before dealing with methods of solution we shall briefly consider the 
general nature of the solution. | 

Suppose the given system of m equations in m unknowns x to be 
ax = h. Then, if a is non-singular, the equations have a unique solu- 
tion. On the other hand, if a is singular, the m equations are either 
incompatible or not linearly independent. To make this clear, let us 
suppose a to be of rank r. Then a is equivalent to a canonical matrix C 
which has units in the first r places of the principal diagonal and zero 
elements elsewhere (see § 3-13). We may therefore substitute pCq for a 
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(where p and 4 are non-singular matrices) and write the given equations 

“aa | 

pCqx = ἢ. ᾿ 

Hence if y = gz and p~h = 1, we obtain the equivalent set of equations 
ὄνπ gas (1) 


From the form of the canonical matrix C it is seen at once that the m 
scalar equations contained in (1) are incompatible unless 


bay = Live = see - Ln = 0, 


and that when these conditions happen to be satisfied the solution is 
y,=1, for t<r, with 9,41, Yp49) +++: Ym arbitrary. The corresponding 
values of x are in this case given by 


t= q{l, ls, 5292) : Ψ,..1 ὕ,.» oe Ym} ᾿ 


The most general solution of the original equations in z is accordingly 
the sum of a unique column and of arbitrary multiples of m—r other 
columns. For instance, if the equations are 


2 2 5 37f%,]=15 
6 1 5 4ila, 5 
4-1 0 1|]|α. 0 
2 01 Its, 1 


the matrix a is of rank 2, and the most general solution is found to be 
x = (8, 2, 0, }+a{—4, —2, 1, 0}+A{—-4, 1, 0, 1} 


where ἃ and f are arbitrary constants. __ 

When a is non-singular and the solution of a system of equations 
ax = ἢ is required with the numbers h left general, the methods of 
reciprocation given in δὲ 4-8—4-10 can be used immediately to give the 
required solution z= a—h. In the discussion which follows it is 
assumed that the numbers h have assigned values. 


(δ) Solution by Method of Postmultiplication. In this method 
operations are performed on columns, and it is necessary to assume the 
equations to be given in the form za = h, where z and h now denote 
row matrices, and ὦ is a given square matrix. When postmultiplied 
by the n—1 matrices M, (see ὃ 4-8), this equation becomes | 

a(aM, M,...M,_,)=x0 = h(M,M,... M,_,). 


Hence | Ψ Ξ h(M,™, ees M,_1) on, 


- ::: (2) 
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_ The following representative scheme of computation for a system of | 
four equations is an obvious modification of the scheme given in § 4:8. 
The essential difference is that, whereas formerly a computation of 
the matrix product MV, M,...M,_, was necessary, now only the row 
hM, M, ... M,,_, need be obtained. The calculation of this. row is effected 
simultaneously with the reduction of @ to σ΄. 


i Sa, SO a, ΟΝ πρὸ ee eR 
| 93 ὧς _ Fu 
Gy, ἂς ὥς ὄμ Ger Bat aa 
Ge, Gen Beg Beg 1 0 0 
αἱ ἂς ἀρ ἀμ 0 1 0 
Gn Me Me ἄμ 0 0 1 
ἐπ πο eae es 
bn _ Oe 
δι Bag ge 1 0 
bens bay 0 1 
ΕΝ pee Ὁ 
οὐ Gay τὸν 
οι gg. 1 
kK 
5. 
These calculations give the result 


ro =x an δι. οὗ 0 7 - [fh hy, hs, hi]. 
Ge, by Cy GY 
a, 9 O 0 
| | Gy ὃ 9 0 
Commencing with the last column of o and working backwards to the 
first, we can now derive the values of x4, x, 2, and 7, in succession. Thus 


Udy =h~ or t=hy/dy, 


πιο +%4Cq, = hg Or 2% = = (hg — Cai 2a), 
and so on. = | 
If the entire first column of any left-hand array—for instance 
{hg, C11, Ca} —is null, the given equations are not linearly independent. 
On the other hand, if such a column is null with the exception of its 
first element (for instance, if hy +0 but en = ὅχι = 0), then the equa- 
tions are incompatible. 
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EXAMPLES 
(i) Equations Lnnearly Independent. As s simple illustration sup- 
pose the given equations to be | 
X4 +3%g+ x = 2, 
4u,— ὡς Ἔ %—24,= 1, 
Δ + 3% + 52x, =-1, 
3%, — Mgt 2.54. -Ὁ αν, = ὃ, 


or wl 411 37 =[2,1,-1, 8]. 
0-1 3-1 | 
$3 10 2 
1-2 65 1 


The calculations which follow should be compared with those in the 
example to § 4:8: 


2 1 -1 3 --- -- — 
"I δ" 3 2 -5 -1- 
0 - 3 ~] 1 oO 0 
3 1 0 2 0 1 oO 
1* -2 5 1 0 0 1 
6 -ll 1 -- — | 
6 -4 2 3 -1 
--1Ὲ 3 -} ] 0 
7 -15 -1 0 1 
4 ~4 - 
4* -4 | 3 
6 -8 1 
Rae 
— se 
Hence [2,,%2,7%3,%)[1 6 14* 0. J] =([2, 5, 4, -- 391. 
0 -l1* O 0. 
44 
8 1 6 —4h* 
1*¥ 0 QO. 0 
Accordingly X_( — 33) ἘΞ — 20. or %= τ 


τρί -- 1) Ξε 5—6x,—72,, or 2x, τῷ --Ξ" 3, 


%,= 2—2%,—34,, or ὅς = 7. 
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(ii) Equations not Linearly Independent. As an illustration we may 
take the set of equations (2), which can be expressed as 


zf2 6 4 = [5, 5, 0, 1]. 
2 1-1 «0 
5 5&6 0 1 
3 4 1 1 
Then Ee earns ores eee ae TE eS 
2* 6 4 2 -3 -2 -1 
2 1 -1 0 1 0 0 
5 5 o rt! 0 1 0 
3 4 1 1 0 o 1 
~10 -10 -4 a ees 
Ge ὧδ ae ee oe 
~10 -10 -4 1 0 
-6 -5 -2 0 1 
0 0 
a Sea an 
0 0 
‘Hence [%,,%,%3,%,)[2* 0 0 ΟἹ = [5, —10, 0, 0], 
" —5* 0 0 
5 —-10 0 0 
3 -5 0 0 


so that two unknowns are arbitrary (say ας = « and x, = β), while 
%,=2-2a—f, and 2, -- 1--α--. 
The solution is accordingly 
x = [f, 2, 0, 0]+a[—$, —2, 1, 0]+A[—4, —1, 0, 1]. 
(1) Equations Incompatible. Suppose 


τον [Ὧν Le, Lg] 1 2 1] = {4,1,3]. 
| i j ial 
—2 —1 7 
Then 4 1 3 -- — 
| ie 2 1 |. =o 21° 
1 3 4 1 
-3 =.) 7 0 1 
-~4 a | = 
ΝΣ te - 
8 } 
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The given equations are thus equivalent to 
— [%4,%q,%])[ 1* 0 01 = [4, ~7, 20], 
1 1* 0 
ae 
and they are therefore incompatible. 


(ὁ) Solution by Direct Operations on Rows. For the application of 
this method, which is a variant of that described in § 4-10, the equations 
are taken in the form az = h. The initial right-hand array can be taken 
to be the column h, and only single elements are written below on the 
right. If during the process a null row can be formed on the left corre- 
sponding to a non-zero element on the right, the equations are incom- 
patible; however, if this element also is zero, the equations are consistent 
but not linearly independent. If g null rows with corresponding zero 
elements on the right can be formed, the general solution will contain 
q arbitrary constants. | 

ΝΕ EXAMPLES) 
(iv) Hquations Linearly Independent. The equations are assumed to 


be those given in example (i), and the computations follow the scheme 
of § 4-10. | 


[ Operation | Row No. Left Array Column 
γι 1 #0 3 1 2 
ts 4 -οἰ 1 -2 1 
Tr; l 3 0 5 -} 
τ; “- ἄγ, τς 0 -ἰ -ll π-θ -Ἱ 
Ts; = "1 ΥΩ 0 ; 3 ‘a 3 4 re: 3 
7, = 3r, 7) 0 - 1 = 7 = 2 aad 3 
3, +1 78 0 0 -36 -14 ~ 24 
7) --ῦς 7 0 0 4 4 4 
θὲς | to | 0 O 0. 88 12 
3210 Ty 0 0 0 i] ΤΊ 
ἐτοῖν "is 9 0 1 0 τι 
[1] + 2ry 718 0 = l aa 7 , 0 = F} 
πα Ty .1 0 3 0 $ 
tists rss 0 -1 0 0 14 
114 - ὥ γι, "16 I 0 0 0 dr 
Tre — 1 0 o 0 tr 
- 8 -- 0 I 0 0 -Ῥ 
Tis — 0 0 1 0 vr 


: 
| 
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Hence σι, Ug, XX} = ἰχτ, —TT Tr τὰ} 
(v) Equations not Linearly Independent. If the equations are those 
of example (ii), the scheme of computation is 


Operation | Row No. Left Array 


2 5 3 5 
1 5 4 5 
~1 0 1 0 
0 1 Ι ] 


oo πρὶ atin 


Since two null rows are derived, only two of the original equations are 
linearly independent, and these may be chosen to correspond to r, 
and τς. Thus : 2 5 ἢ {2t1, Xq, tg, 4) = ΗΙ 

0 1 2 1 2 
Two of the unknowns may be assigned arbitrarily, say 7, = « and 
x, = #. The equations can then be written 

2 2)[2,|+o[5]+ [3] = [6], 

fo dle “LIL | 


and the calculations are continued as previously. 


Hence (αν αὶ = (4, 2}--αβ, 3-AG, 1), 

OF {%, %q, Ly, X4} = {4, 2, 0, 0} α{--, —2, 1, 6} 4{- 4, —1, 0, Lb. 
(vi) Hquations Incompatible. Taking the same equations as those in 

example (111), we obtain 


Operation | Row No. 3 Column 


Row τς shows that the equations are incompatible. 
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(4) Iterative Methods of Solution. In certain cases it may be possible 
to apply successfully an iterative method of solution. Denote the 
equations as ax = h, and let a = v+w, where v is chosen to be a non- 
singular matrix which readily admits inversion. The exact solution 
then 1s 2=a—h = (I+v-w)-1 yh. 

If f = —v—w and g = v—h, the solution may be developed as 
z= (I+ ft fit frton)g, 


provided that this matrix series converges. The conditions for con- 
vergence are satisfied if the moduli of the latent roots of f—namely, 
the roots of the equation | AI—f | = 0—are all less than unity. This 
equation can be written alternatively as | 


|vA+w| = 0. 


‘When the foregoing conditions for convergence are satisfied, the suc- 
cessive approximations to 2, say x(0), x(1), 2(2), etc. may be taken as 


“(0) = 9, | 3 

alj=(U+f)9 = 9+fx(0), 

a(2) = (1+ f+f")9 = 9+f2(1), 
and generally x“(r+1)=9+/fz(r). 


If an approximate solution is already known, this will naturally be 
used as the first approximation in place of z(0) = g; the computations 
are thereby shortened. | 

‘Two methods of solution based on this principle have been developed. 
A tabular method due to Morris is effectively the same as that 
described, with the matrix v chosen to have zero elements to the right 
of its principal diagonal and the same elements as a elsewhere; thus w 
has zero elements in and to the left of its principal diagonal, and the 
same elements as a elsewhere. Since v is triangular, its reciprocal can 
readily be found as in ὃ 4-5. Morris has applied his method successfully 
to the solution of sets of linear equations such as arise in certain struc- 
tural problems.* In these problems the matrix a is symmetrical, and 
has its origin in a quadratic form which has all its discriminants 
positive. It may be noted that it is possible to convert any system 
of linearly independent algebraic equations ax = h to a system of the 
foregoing type by premultiplication by the matrix a’ (see §§ 1-13, 1-16). 


* Ref. 9. For such problems the method is always convergent. 
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In the second method the matrix v is chosen to be diagonal or more 
simply the unit matrix. In certain types of statical problem the 
equations arise naturally in the form x =g+/fz, and provided the 
latent roots of f are all less than unity, the process described, with 


v = I, provides the solution. An illustration is given in § 10-9. 


EXAMPLE 
(vii) Morris’ Type of Solution. Let the equations be 


25 2 17 fa,] = [69], 
2 10 II |z, 63 
1 41 4] bax 43 


for which the exact solution is x = {2, 5, 9}. Then 

-- [25 0 0]; w= 0:04, 0, 0 : 
| 2 10 j 08, 0-1, 0 | 
1 14 — 0-008, — 0-025, 0-25) ὃ 
f=—v—w = [0, —0-08, --Ο04 1; συ ἢ = [2-760]. 
ῃ 0-016, =o. era 
0, 0-016, 0-033 8-623 
Hence the iterative process yields 


It may be noted that until the final step is reached it is unnecessary to 
compute the leading element in xr), since this is always multiplied 
by a ephers in the iteration. 


Part Il. Hianw Powers or A Matrix 
AND THE LATENT Roogrs 


4.14. Preliminary Summary of Sylvester’s Theorem. A high 
power of a matrix in general approximates to a relatively simple form, 
and the dominant latent roots—namely, the roots of greatest modulus 
—can be found from this limiting form. The method of calculation* is 
based on simple applications of Sylvester’s theorem. For convenience 
of reference the simple and the confluent forms of this theorem will 
first be restated from §§ 3-9 and 3-10. 


* Refs. 10, 11. 


14 HIGH POWERS OF MATRICES 4°14-4-15 


Simple Form of Sylvester’s Theorem. If P(u) denotes any polynomial 
of a square matrix w of order n, and if all the latent roots A,, A, ..., Ay 
ΟΥ̓ u are distinct, then 


Plu) = Σ PO,) Ζοίλῃ, 
where Z,(A,) denotes the square matrix 
(1) (1) 
BA, )/A(A,) = kK, /A(A,) = pu | (Ay —t)/ TL (λ,.--λὴ), 
ah 
and A(A.) i is an abbreviation for (5 aa) 
dA} y@a, 
Confluent Form of Sylvesier’s Theorem. If the latent roots are not 


all distinct, the terms contributed to P(u) by a typical set of s equal 
roots A,, Ay, ...,A, are given by 


= ἀ5-1 P(A) F(A) 
Ιδ -- dAs-} AA) ARAy, 
where A,(A) = (A—A,,1) (A- : 49)+.»(A—A,). An alternative is 
(1) (s~1) 


as = Dee sot mn a 


: ; αὶ F(x 
in which ZA d=5| a th " 
for i1=0,1,...,8—1, and 
(ὃ αὐ P(r 
μἷρς πος 


Any matrix coefficient of the type Z,(A,) either has unit rank or is 
null. It is of unit rank, and therefore expressible as a matrix product 
k,x,, when the characteristic matrix f(A) =AJ —w is simply degenerate 
for A = A,. In other cases it is null. 


T(A,) i 


T(A,) = P(A,) Z,-a(A,) + 


4:15. Evaluation of the Dominant Latent Roots from the 
Limiting Form of a High Power of a Matrix. The limiting 
form of a high power of a matrix depends upon the number and the 
nature of the dominant latent roots (see also examples (i) and (ii) of 
§ 3-9). Some of the possible cases are discussed below. 


(i) Single Dominant Real Root. If there is a single dominant root, 
say A,, the general form of Sylvester’s theorem shows that when 


P(u) = u™ and mis 1 
Si ane 1) ee (1) 
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It will be convenient to express this as 
| u™ = APZ (Aj), 
where = denotes approximate equality. If #,, is an element occupying 
@ particular position in u™, it follows that 
| πο σα. | Biers (2) 
(ii) Repeated Dominant Real Root. Next, let the roots of greatest 
modulus consist of a set of s equal roots A,, Ag, ...,A,. Choose 
P(u) = uP, (u), 
where P,(u) is a ae of u independent of m. When m is large 
AzmumPy(tt) > Ae "| a as am (A) πὴ: 
If P,(u) = (λ,1 -- μ)5, all τὸ; terms in the expanded form of the expres- 
sion on the right of (3) vanish, so that 


Az ™um(A, I —u)?>0. 
Accordingly, if again Κ᾽, is an element having a, selected position in 
u™, then for m large A, will be given approximately by the equation 


: EA Bad 4G τ Baad Bt e+ (— 1) Enis = 0. 


Only one of the root of this εὐ μή αι is the true value of A,. The true 
root is readily determinable, since it will be common to (4) and the 
similar equations which can be obtained from elements having other 
selected positions in u™. 

When the characteristic matrix has multiple degeneracy for A=A,, 
equation (4) can be replaced by one of lower degree. Suppose the 
degeneracy to be g(>1): then F(A) and the derived adjoint matrices 


up to and including F(A) are all null for A = A, (see Theorem (E) of 
δ 3-5). Accordingly, if in (3) we choose P,(u) = (A, J — u)*-4*1, the terms 
in the expanded form of the expression on the right again vanish, and 
the final equation for A, 1s 


LE, Ag — (8-9 +1) ΕΞ = ed Emiang t+ .. 
= 1TH eet = 0. 
In particular, when g = 8, the root A, is given by 
Em As — Emir = 0. 


| 
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(iii) Dominant Roots a Conjugate Complex Pair. Suppose the roots Ὁ 
of greatest modulus to be A, = 4+iw and A, = #—tw..Then if as 
before F,(w) is a polynomial independent of m, 


U™Po(u) = APL (Az) Zo(Az) +APP (Ag) Zo(Ag). .«..... (5) 


When (ΩΣ) = (A, 1 —4u) (A, 1 --- ὦ), 
(5) gives u™A, I —u) (A, f—u)=0, 
or, approximately, | | | 
(47+ 0?) Bin ΜῈ και t+ Emeg =O. ceceee (6) 


The values of 7 and ὦ can be found from (6) and a companion equation 
which is either the next equation in the same sequence or the corre- 
sponding equation for some other element of the matrix. 

Other possible cases arise when the dominant roots embrace several 
distinct roots or several distinct sets of equal roots. When required, 
the formulae appropriate to such cases can be constructed by the 
methods already exemplified. The nature of the dominant root or 
roots is in general disclosed by the manner in which E,,,,/H,, varies 
with m. Ifthis ratio quickly converges to a constant, then the dominant 
root is real and equal to this constant. If the ratio does not change sign 
but is very slowly convergent, there are two or more equal or nearly 
equal dominant roots. On the other hand, if the ratio does show 
changes of sign when m is large, then the dominant roots are complex. 

Simplified methods for obtaining the latent roots are given in ὃ 4:17. 


EXAMPLES 


(i) Single Dominant Real Root. Suppose 


μ τ 4 6]. 
3 9 15 
4 16 36} 


τς Here, by direct multiplication, 


ut=[ 72220 264188 557820], 
173289 633957 1338633 
888448 1421248 3001248 


u® = [ 3168284 11591692 244776601. 
7602981 27816897 58739877 
17045632 62364992 131694336 
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The ratios of the elements οὗ u* to the corresponding elements of u* are 


43-8699, 43-8767, 43-8809, 
43-8746, 43-8782, 43-8805, 
43-8814, 43-8804, 43-8799. 


By (2) these ratios, whose mean is 43-8781, should give an approximate 
value for the dominant root. The actual latent roots are 43-8800, 
2:71747, and 0-402541, so that although the powers of w employed 
are very low, the approximation to the dominant root is quite 
_ good. The separation of this root from the adjacent root is, however, 

unusually great in the present example. Generally, the approximation 
is not so rapid. 7 


(1) Once Repeated Dominant Real Root. The typical equation giving 
the latent root in this case is (see (4)) 


En a2 — 28,,,.λ + Ease = 9. 


Suppose ᾿ 7 au=f4 1 21, 
2 ‘ - 
3 1 3 


of which the latent roots are 5, 5, 1. It is found that 


ει -- 952149 625000 63476] , 
| — 463868 — 234375 — 161132 
952148 625000 63477 


w= 5249024 3515625 219726], 
~— 2807618 — 1562500 — 708007 
5249023 3515625 219727 


‘w= [ 28686524 19531250 6103511. 
| 16479493 —9765625 — 3051757 
28686523 19531250 610352 


The leading diagonal elements give 

952149A2 — 2(5249024) A + 28686524 = 0, 
so that 7 A = 5-000008 or 6-025628. 
Similarly the last diagonal elements yield | 


A = 4-999966 or 1-923078. 
Hence A = 5. | : 
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(111) Unrepeated Conjugate Complex Dominant Roots. Let 
= [26 —54 4], 
13 —28 3 
«(26 —56 5 
of which the latent roots can be shown to be ] and 1] -- δὲ. Here 
ue = Ξ 2280668 4933944 — ars ; 


1184118 2645932 — 277695 
— 2372214 5117340 — 372911 
ει = [—4843852 5871576 38161307, 
— 3610022 5407196 1812849 
— 4847830 5697052 3998609 
μο — sen — 116539400 ots] 


23567050 —57979844 10845745 
51981930 ~— 121656740 17692881 


If £ is the first element in the top row, equation (6) becomes 
| ~ 2280668(u? + w?) + 2(4843852) u + 49609716 = 0, 
while if £ is the second element in the top row 
| 4933944(y?+ w*) — 2(5871576) 4 — 116539400 = 0. 


These equations yield 4? + w? = 25-999977, and 2u = 1-999979. Hence. 
# = 1 and ὦ = 5 with an error of less than 1 in 105. 


4.16. Evaluation of the Matrix Coefficients Z for the 
Dominant Roots. It is sometimes required to calculate not only the 
latent roots but also the corresponding matrix coefficients Z in Syl- 
vester's expansion for P(w). In dynamical applications, for instance, 
these coefficients effectively determine the modes of the constituent 
motions. It will now be shown how the matrices Z appropriate to the 
dominant root or roots can be found, once these roots have been 
determined. 


(i) Single Dominant Real Root. If A, is the dominant root, then by 
eas) Ayu» Z (Ay). 
(ii) Repeated Dominant Real Root. Suppose firstly that the dominant 


roots consist of two equal roots A,, A,. In this case, » when P(u) = u™ 
and m is large, (4-14-1) gives 


Az™u™+AyZ(Ag)+tMZo(Ag)s nea (1) 
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The next relation of the sequence is 
Az Mum) ~> Ag Z (Ag) + (m+ 1) Zy(Ag); 


80 that —Azy™u™(A,I ἘΠ Ζίὰῳμ, eee (2) 
and Az™um[Ag T+ m(AgI—u)]>ZyAg) eevee (3) 
When A, J —w is doubly’ degenerate, Z,(A.) is null, and then (1) gives 
at once Az™um—> Z,(A.). ; 


The derivation of the appropriate formulae is rather more trouble- 
some if the roots of greatest modulus consist of 8 equal roots Ay, Ag, ..., 
A,. In this case, taking P(u) = w™P,(u) and assuming m large, we obtain 
by (4:14:1) 


U™Py(u) = APPA 4) Ζ,.«(λ +a la is ae Ζ,. .«(λ}) ++ 


cea ari") Ζιθω. 


To isolate any particular matrix coefficient, Bay Z,(A,), it is necessary 
to choose P,(#) in such a way that a (AMPAAY vanishes whenA=A, 


and p+s—t—1, but does not vanish when Az A, and p=s8s—t—1. 
It can be verified that the appropriate polynomial P,(w, 1) in this case 
is given by 


(λ,1--γο- ἐπ | ai7 +mdi-1(A, 1--ἶὴ + — 1) yeaa, Tu)? + 
_m(mt 1) 1 (mat 1) I—u'], 
i 
where 1 <s—1. The matrix Z,(A,) is then given by the formula 
(= 141A uP, a, ἢ > Z(Ay)- 


As for the once repeated dominant root, the formulae can be 
simplified if A, J —u is multiply degenerate. 


(iii) Dominant Roots a Conjugate Complex Pair. In this case, when 
P,(u) = Agi —w in (4°15°5), 


UM(Ag 1 —uU)fAM(Ag—Ay)—>ZolAy)- wee eee (4) 
In general Z,(A,) is complex, and Z)(A,) is its conjugate. 
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EXaMPLeEs 


(i) Single δόντι Real Root. Assuming u to be as for example (i) 
of § 4-15, and applying (4:15-1) with m = 5 and A, = 43-8781 (the mean 
computed dominant root), we obtain the approximation 


Z(Ai) = λτδμῦ 
0-0194799 0-0712705 0: a 


“fe 0467463 0: 171030 0-361157 
0:104804 0:-383446 0-809711 


The value of Zo(Az) computed directly from F(A,) /A(A) for the true 


root 1s = 70-0194753 0-0712545 01504667. 
|0-0467356 0-170992 — 0-361078 
0-104781 0383361 0.80θῦ82 


(ii) Once Repeated Dominant Real Root. Suppose u to be the matrix 
in example (ii) of §4-15, and apply formulae (2) and (3), with m = 8 
and A, = 5. The approximate results work out as | 


Z(Az) = [| 1:249994  1-000000 —0-2499947, 
— 1-249992 —1-000000  0-249992 
1-250004  1-000000 —0-250004 


and Z,(A,) = [0-487511 0 0-562489] , 
| | 0°812485 10 —0-812485 
0-437492 0 0-562508 


while the accurate values are - 
Z (Ag) = [ 1:25 1-0 —0-257, 
—1:25 -—1:0 0-25 
| 125 1:0 —0-25 
and Ζ,(λ,) = [0.431 0  0-5625]. 
| | |0-8125 1:0 —0-8125 
0-4375 0 00-5625 


4-17. Simplified Iterative Methods. It has been shown in 
§§ 4-15 and 4-16 that the dominant latent roots of a matrix τ and the 
corresponding matrix coefficients Z can be evaluated by raising u to 
a high power. The same result can be achieved, and usually with less 
labour, by repeated premultiplications of an arbitrary column by u, or 
alternatively by repeated postmultiplications of an arbitrary row by w. 
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To illustrate the method, consider firstly the simple case where 
there is a single real dominant root A,. Let (0) be an ἘΕΡΙΟΊΕΥ column 
of n elements. Then by (4.15.1) 

| u™z(0) = AMZ ,(A,) (0). 
This may be written as 
: (1) 
uma(0) = ATK, K,2(0)/A(Ay), 
, a 
or, if ® denotes the scalar factor x,2(0)/A(A,), as 
u™z(0) =ATOK,. 
Accordingly, unless z(0) happens to be so chosen that ® vanishes, A, 
is given by the ratio of corresponding elements in u™+1z(0) and u™2x(0). 
The formula (4:15-2) is therefore still applicable if H,, represents one 
of the elements of wz(0). Moreover, the modal column k, is propor- 


tional to w™x(0). 
ai if 9(0) denotes an wie row of n siemnata, then — 


y(0) w™ = — 


where Y = y(0) I /A(A,). 
Hence continued postmultiplication of y(0) by wu yields a row, the 
elements of which are proportional to the corresponding elements of 
K,. Also A, can be derived as before. 

A further case of importance is where the dominant roots are 
conjugate complex and unrepeated. Equation (4-15-6) is clearly still 
applicable if H,, is interpreted to mean an element of the os 
C,,=u™x(0), and in this case " (+ 16-4) 


Zo(Ax) #(0) = ky, 2(0)/A(Ay) = (Aa Cn — Cmea)/AR(Ag Aa) 
The modal column k, is thus proportional to 
Agu, — Gate 
Similarly, if Z,, is an element of the row R m= 9(0) u™, the - row κι is | 
proportional to RS Rone: | 


Another application of the iterative method, which may be 
mentioned here, is to the construction of the characteristic equation 
of a matrix uw. If this equation is written 


A® +p, A™1 + peA™ FA +... + Dn = 0, 
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then by the Cayley-Hamilton theorem 
U+D,U1+ pur? +, -+p,t =0. 
Postmultiplying this equation by an arbitrary column (0) and writing 
Ux(0) = x(1), w2a(0) = μ2.1) = a(2), etc., we obtain 
a(n) + py t(n — 1) + pyx(n—2)+...+p,2(0) = 
This yields n simultaneous scalar equations for the n unknown 
coefficients p. 
EXAMPLES 


(1) Determination of the Dominant Latent Root. Consider the matrix u 
of example (i) of ὃ 4-15. If {0, 0, 1} is chosen as an arbitrary column, 
the first premultiplication gives 


2 4 Β8Β61Γ0)- ΓΒ. 
3 9 15 [ 15 
4 16 36] (1 36 


Tt is convenient, as each new column is obtained, to extract a scalar 
factor so as to reduce a certain element (say the last) to any The 
iterative process can then be tabulated as follows: 


Initial |. | Iteration number — 
column ἢ | | 4 


0:1859 | 8-16 | 0-1860 | . 8-16 | 0-1860 
0:4458 | 19-57 | 0-4460 | 19-57 | 0-4460 
10 [43.88]10 .88 | 1- 


The fifth iteration repeats the fourth. Hence 


2 4 6] [0-1860] = 43-88 [0-18607, 
3 9. 15] |0-4460 0-44.60 


4 16 36} {1-0 1-0 


and 43-88 is therefore the dominant latent root, and {0:1860, 0-4460, 1- Ὁ) 
is the associated modal column. 


(ii) Construction of the Characteristic Equation. The characteristic 
equation of the matrix used in example (i) can be found by the direct 


Meee u{0, 0, 1} = {6, 15, 36}, 
u{6, 15, 36} = {288, 693, 1560}, 
u{288, 693, 1560} = {12708, 30501, 68400}. 
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Hence 12708] +p,[ 288] +pef 67 +p3[0] = 9, 
050 7 693 15} [0 
68400 1560 36 1 


or 288, 6,0] [p,] = [— 12708]. 
693, 15,0] |p. — 30501 
ὟΣ 1560, 36, 1 — 68400 


The solution, which is readily found by any of the methods of § 4-13, is 
{P1, Po Ps} 77 {- 41, 138, = 48}. 


The characteristic equation of τ is therefore 


A3 — 47A2 + 138A — 48 = 0. 


4:18. Computation of the Non-Dominant Latent Roots. 
When the dominant latent root or roots have been found, the remaining 
roots can be obtained successively in the order of their moduli by an 
extension of the methods already explained. The essence of the exten- 
sion consists in the construction of a modified matrix v which possesses 
all the latent roots of u except the dominant roots. 

For simplicity, suppose there to be a single dominant root A,, and 
assume that A, and the corresponding row x, have already been 
calculated. Then, if A, is any other root, we have by (3-8-11) - 


. K 1 kK: = 0. ; - geeeee ( 1) 
Let x,, be any non-zero element of κι, and denote as w the square matrix 


which has x,/x,, for its rth row and its remaining  ~ 1 rows all null. 
Then in view of (1) we can write k, = (I[-—w)k,. But (A,[—u)k, = 0: 


pence alse (A,l—v)ke=0, teats (2) 
where v=u(l[—w)=u- = {ug} Ky wns (3) 
ri 


From (2) it is clear that A,,A;,...,A, are latent roots of v, and that 
ko, kg, ..., ky, are the corresponding modal columns* of v. The remaining 
latent root of vis A = 0: this follows from the fact that the rth column 
of v is null, as is obvious from (3). When v has been obtained, the 
dominant latent root of this matrix (which is necessarily the sub- 
dominant latent root of u) can be calculated by the methods of §§ 4:15 


* It is also easily shown that the sth row of the matrix « appropriate to v is given by — τ 
: ΤΙ re 
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or 4.17. Evidently all the latent roots of u can be found successively 
by ἃ continuation of the process. ᾿ 

An alternative procedure in the calculation of the subdominant root 
is to omit the rth column and the rth row of v, and to apply the iterative 
method to the matrix of reduced order so derived. When this treatment 
is adopted the typical modal column k, will be determined apart from 
the element k,,, which will have to be calculated independently from (1). 

If there are two distinct dominant roots A, and A,, andif Ky, Καὶ (Ὁ ΞῈ 4) 
are, respectively, non-zero elements of x, and k,, the matrix w must be 
constructed to have x,/k,, and κι (Κις. for its rth and gthrowsrespectively, 
and to have its remaining  — 2 rows all null. The matrix y = u( I —w) 
in this case has its rth and gth columns null, and has therefore two zero 
latent roots. The remaining latent roots are A,, Ay, ...,A,, and the 
corresponding modal columns are k,, k,, ..., k,. The method of extension 
to cases of three or more distinct dominant roots will be obvious. 

It may be noted that in the special case of a complex pair of dominant 
— Foots A,, A, since x, is proportional to the row A,R,,— Rai and 
᾿ similarly x, is proportional to the row A, R,,— Ry 41 (see 84:17), the 
two equations corresponding to (1) yield R,,k, = 0 and R,,,,k,= 0. 
Hence the elements H can be used directly in place of the elements x 
in the construction of the matrix v. _ 


EXAMPLE 


Computation of the Subdominant Latent Root. The method will 
be used to determine the subdominant latent root of the matrix u of 
example (i) of ὃ 4:17. | 

Firstly, repeated postmultiplication of an arbitrary row by u yields 


[0-1294, 0:4736,1:0] [2 4 6] = 43-88 [0-1294, 0-4736, 1-0]. 
3. 9 15 
4 16 36 


Hence x, = [0-1294, 0-4736, 1-0], and choosing r = 1 in (3), we obtain 


vo=f2 4 6)—J2)[1, 3-660, 7-728] 
: ν | ἢ 
4 16 86] [4 
= [0, —3-320, -- 9-456]. 
ῃ — 1-980, — eis 
0, 1-360, 5-088 
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- The results of the iterative process, with v as premultiplier and {0,0, 1} 
as an arbitrary column, are given below. It should be noted par- 
ticularly that, except in the last step, the top elements of the columns 
need not be calculated. 


Since the sixth iteration repeats the fifth, the top element is computed, 
and the value 2-719 is deduced for the latent root. The corresponding 
modal column is proportional to {— 1-351, — 1-742, 1-0}. 


4-19. Upper Bounds to the Powers of a Matrix. Formulae 
giving upper bounds to the powers of a matrix are sometimes required, 
and we shall now obtain some simple formulae of this type. For 
definiteness, suppose τὸ to be a square matrix of order 3 with real or 
complex elements, and write the typical element of u* as | 


U4,(8) = U,3(8) a, 


where U,,(s) is the essentially positive modulus, and a has unit modulus. 
The value of a in each case will not be required, so that the suffices 
which should strictly be associated with this symbol are omitted. 
Further, denote as r,, 6, the sum of the moduli of the elements in the 
ith row and the jth column, respectively, of uw, and let R,, C; be, re- 
spectively, the greatest modulus in the ith row and jth column. 

Then 


4,,(2) = ὕμ(1) α Ὁμ(1)α + ὕμ(1) α Ὁ (1) & + ὕμ(!) α ὕμ(1) @, 
so that σὕμ(2) < UR (1) + Uyg(1) ὕ.(1) + ὕμ(1) Ὁ. (1). 


Hence U,,(2)<7,C, and also <R,c,. The remaining elements of u? 
may be treated on a similar basis. It follows that the moduli of the 
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elements of x? are all less than the corresponding elements of both © 
the matrices: 

Αξ σα πὸ ταὶ and B=[R,c, Rc, R,cs]. 
T2C, ταῦ 12C, | Rye, Ric, Rycy 
30, τ Ὑρς | 80. Κφο, Rycg 
Proceeding next to τ, and using A, we have 


w=(7,0,8 10,8 C8) [ὕμ()α Uy(1)a Ujs(1) a], 
T2448 20,8 12C38 || Uy(1) ὕ»()α U,3(1) a 
γᾳοιβ 730.8 96,1} ὕμ(1)ὰ ὕμ(1)Ήα Uyg(1) 


where f represents a quantity of modulus not exceeding unity. Hence, 
for instance, U,,(3) < (C,+C,+(,)7r,C,, and U,,(3) < (CL+Q,+C,)r2C, 
This shows that the moduli of the elements of u? are dominated by the 
corresponding elements of (C,+C,+C,).A, or briefly τ is dominated 
by (C,+C,+0,) A. 

Again, using B, we obtain 


w= [ὕμ()α ὕμ()α Us(lja] [Ref ΚΕιοβ Ry,csh |. 
ὕμ()α ὕμ()α Ugg(1) a | | Rac, 2 Ric,8 Rycg8 
Oyi(1)a Ugg(l)a Usg(1) a ᾳοιβ Ryo,8 Rycs8 


Consequently U,,(3)<(R, +R, +R) R,c, etc., so that u? is also domi- 
nated by (R, +R, + R,) B. 
The argument can be extended to show that w* is dominated by the 


two matrices 
A, = ( + C, + C3)*- 2A, 


B, = (R, +R, + Rs)** B. 

The corresponding theorem for a square matrix u of general order 5, 
is as follows: Let τ, c, be the sum of the moduli in the ith row and the 
jth column of τι, respectively, and R;, C, be the greatest modulus in 
the ath row, and in the jth column, respectively. Then the moduli of 


the elements of u* will not exceed the corresponding elements in the 
two matrices 


A,=(C,+C,+ eee +C,,)*-* συ Tay 9.56) - [C1 Ci, eves 0}; 
B,=(R,+2,+... ἘΚ {Ry Ry, ..., B,,} [¢1, Cg, ...,.6,1, 
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where s> 2. Clearly, for the upper bound to the modulus of any specific 
element of μ᾽ the smaller of the two corresponding values given by 
A, and B, can be selected. 

From these results another upper bound can be derived which, 
though considerably cruder, is often sufficient in the discussion of the 
convergence of a matrix series. Thus, if U is the greatest modulus in 
u, then r,<nU and c,<nU. Hence wu’ is a fortiori dominated by 


n*-2U2-2{nU, nU, ...,.nU}[U, U,..., U]. 


An upper bound to the modulus of any element of u? is therefore 
ne1U8, 


EXAMPLES 
Take | u=fl 0 —2]. 
| 3—-3 1 
0 2-1 
Then 71 = , c, = 4, R,= 2, οι = 3. 


To = 7, Ce = 5, R, = 3, C, = 3. 


r,=3, c;=4, R,=2, O,=2. 
Hence 
A, = 8{3, 7, 3}[3, 3, 2] = [36864 36864 245767, 
ΕΣ 86016 sau 
36864 36864 24576 


B, = 142, 3, 2}[4, 5,4] = [19208 24010 192087. 
28812 36015 28812 
19208 24010 19208] 


In this case B, offers the smaller bounds to the moduli of the elements 
in u®, In actual fact 
ue=[ 6553, —948, 600). 
2322, 4123, — 2670 
1422, 2496, 1627 


It may be noted that the bounds given by B, are much lower than 
the value 177,147 ( = 353°) obtained from n*1U*, 
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Part ΠῚ. Ata@eBRAIO Equations or GENERAL DEGREE 


4-20. Solution of Algebraic Equations and Adaptation of 
Aitken’s Formulae. It is easy to verify that the equation 


A™+ DAPI + ἘΡ,. At Dn =O ῸΟῸΟ κω (1) 
is the characteristic equation of the matrix 
=F 0 1 0, ., 0, 0 


0, 0, 0, .., 0, Ἢ 
—~Pn> —Pn—-v» —Pn~a +++» ~Pa Pr 
The methods of Part IT can be used to obtain the latent roots of u, 
and therefore the roots of (1). 
It has been shown in example (vii) of § 3-7 that, for any square matrix 
u whose characteristic equation is (1), the elements Z having a specified 
position in the matrices Y(s) = u*+” satisfy the difference equation 


E(s)+p,H(s—1)+...+p,H(s—n)=0. Ο «(νος (2) 


Consider firstly the simple product uxz(0), where χ(θ) is a column of 
arbitrary elements 7,, 32» ...,%,-. This yields 


UX(O) = {2, Xo, 020) Vn» art}, 
where —Fngy = Py ly t+ DaVn_y ters + Dn plat Py Vy rovers (3) 
The value οἵα, ει given by (3) is precisely the value of H(s) given by the 
difference equation (2) if | 
Hi(s—1) =2,, E(s—2) = 2,_}, ...,) H(s—n) = 2}. 


A second premiultiplication by wu leads to {z,, 2%, ...,%,,9}, where 
%n42 18 obtained from %,,1,%,,...,% 3 in the same way that 2,,, is 
obtained from 2z,,,%,_1,---,%;. Hence repeated premultiplication of 
x(0) by wu generates a single sequence of elements x which are the 
successive terms in that solution of the difference equation which 
begins with the set of numbers x,, 9» ...,X,. The theory given in Part II 
shows that the dominant root or roots of (1) can be obtained from the 
members of this sequence. When the dominant root 1, is real its value 
is the limit of z,,,/z, when p is large. This is the method of solution 
invented by Daniel Bernoulli in 1728. 
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Bernoulli’s method of solution of algebraic equations in its original 
form is only applicable when the dominant root is real, but an extension 
has been developed by Aitken in which this restriction is removed.* 
Aitken gives a number of useful formulae, and, as these are all con- 
sequences of the fact that ὦ, is given by an expression of the form (3), 
they can be immediately adapted to the case where the sequence of 
elements results from repeated premultiplication of an arbitrary 
column by any square matrix wu. The most useful of these formulae can 


be written AyAg ee Ay = δ, , veseee(4) 
where | D, = E, | | Oe eee Eysp-1 ’ 
| Ess Esp 


ΕΒ,» Herp .- Essays | 

and EF, represents the value of an element in some arbitrary fixed 
position in wu’, u’x, or yu’. It is assumed that the latent roots are 
arranged in the descending order of their moduli, and that 8 is so large 
that the contributions to the elements Εἰ due to the roots following A, 
are negligible. Aitken gives a scheme based on this formula for succes- 
sive approximations to the values of A,, AyAg, λιλᾳλς, etc. (see also 
$10-11). 

The formula (4) can be proved as follows. By equation (3-7-4) the 
expression for the general element is approximately 


» 
E, Ξτὴὸῶῖξ 6,λῖ. 
q=1 


Accordingly 
D=|M% δὲ four ne x|e, Aye, ... APrte, 
δ. AgH sige Ag Cn Ageg ... ARE, 


μα jgiot .. astp-t| |e, Ae, ... ABte, 


Dyyy =) AZ#E ABAD Ow. ASHE x] ὁ. Age, ... AP TE 
Aste ASHE, AST 0, Ages vee AR ey 


eesetoeageeeosevevseveneoseoeesee | j-o| ## @@eeneeseSestaeseeeeseaees 


AgtP ARP. GTP 6» λρθρ ... AR ley. 
Hence ΤΠ, Ὁ, = Ay Ags++ Ap: 
* Ref. 12. 


and 
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When p = 2 and A, and A, are conjugate complexes yu + iw, the for- 
mula becomes Eu, Bass | 
ἕω. EL, 
A, A, = #2 +0? een LE EL pecere (5) 
| He Byiy 
Ey y4 ΠΑ 


This can also be deduced from (4-16:6) and a consecutive equation 
obtained by substituting m+ 1 for m. Another useful formula, which 
is deducible by a similar method, is 


E, E12 | 


Ε E | 
A, + A, — ERATE RE Se Sarg aie (6) 
E, E41 


ΝΣ E42 | 

When A, and A, are conjugate complex quantities, this equation yields 
a value for 2” which agrees with that given by equation (4:15-6) and 
the consecutive equation. | | 


4:21. General Remarks on Iterative Methods. The ltatent 
roots of a matrix are normally calculated by expansion of the cha- 
racteristic function and solution of the resulting algebraic equation 
by the usual methods. However, when the order of the matrix is high, 
this process is excessively laborious, and the methods given in pre- 
ceding sections become advantageous, more especially when only a 
few of the roots with greatest moduli are required.* Repeated multi- 
plications by a matrix are readily performed with any ordinary 
calculating machine, and a machine could no doubt be devised to 
perform most of the necessary operations automatically. 

The rapidity of the convergence in the matrix method depends 
acutely on the separation of the moduli of the latent roots. This can 
obviously be increased by using some positive power of the matrix in 
place of the matrix itself, but this does not always result in a saving of 
labour. For example, when the original matrix is of a simple form, the 
simplicity will probably not be wholly preserved in its powers. The 
modal columns derived from a power of the matrix are the same as 
those appropriate to the matrix itself, and the latent roots are the 
corresponding powers of the original latent roots (see example (v), 


* The latent roots with least moduli can be obtained by use of the reciprocal of the 
matrix in place of the matrix itself, 
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§ 3-6). The ambiguities which arise in extracting the true value A, of 
a latent root from a power may be resolved by substitution of the 
known elements of the corresponding modal column k, in one of the 
n scalar equations represented by (A, 1 —w)k, = 0. | 

When the chief object is to obtain the latent roots, and little interest 
attaches to the modal columns, it is preferable to use the process of 
repeated postmultiplication of a row matrix rather than repeated 
premultiplication of a column, for the first process leads to the evalua- 
tion of the matrix x required in the determination of the subdominant 
latent root (see ὃ 4-18). 

It may be well to point out that in general Aitken’s formula (4-20-4) 
will fail to give the values of more than a very few of the latent roots 
unless extremely high accuracy is preserved in the calculations. On 
the other hand, equation (4-20-4) is of considerable value when there 
is a set of latent roots with nearly equal moduli which are considerably 
larger than the moduli of the other roots. The values of a pair of such 
roots with nearly equal moduli can be obtained as the roots of a quad- 
ratic by means of equations (4:20-5) and (4.20.6). | 


4-22. Situation of the Roots of an Algebraic Equation. For 
the sake of completeness a brief reference may be made to certain 
further methods of computation which, though not directly relevant 
to the subject of matrices, are of considerable value in investigations 
on stability. The first method is based on the process described by 
Routh* as cross-multiplication. This process is most simply defined as 
follows: Let ἀρ, a@1,@,...,@, and b5,6;,59,...,5, be any two sets of 
m+ 1 numbers, some of which may be zero. Then by cross-multiplica- 
tion we shall mean the derivation of a set of n numbers Cp, 61» ...,Cy,_1 
such that 

Cos Cys +++) Cua] = Oql@y, Ga, -++) Gn] — αρίδ1» Dg, ..., On]. 
A convenient scheme of entry is represented by 
Row No.1 ἄρ Q, Gg Ag By wee 
2 ὃ, b, ὃ, by dg 
3 Co Cy Cag Cy 
Any member of row 3 is here derived by cross-multiplication by b, 
and a, of the two numbers situated above and one step to the right. 


For instance 
? Cy = Oy dy — Ay dg. 


* See p. 226 of Ref. 13. 
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(a) Number and Situation of the Real Roots of an Equation (Sturm’s 
Functions). Sturm’s theorem may be stated as follows:+ Let f(x) = 0 
be the given algebraic equation, and denote by /,(x) the first derived 


_ function of f(z). Denote by f,(x), (6), ...,f,,(%) the remainders, with 


their signs changed, whieh occur in the process of finding the highest 
common factor of f(z) and f,(z). Let N(x) be the number of changes 
of sign in the sequence f(x), f,(z), ...,f, (2): then the number of real 
roots of f(z) = 0 between z = a and x = ὃ is N(a) — N(b). 

The presence of equal roots is indicated by the vanishing of one or 
more of the auxiliary functions. If f,(x) is the last of these functions 
not to vanish identically, then the difference between the number of 
changes of sign when a and 6 are substituted in f,/,,...,f, is equal to 
the number of real roots between ὦ and 5, each multiple root counting 
only once. 

A convenient scheme for the calculation of the coefficients of the 
auxiliary functions is as follows: Write 

f(x) = PoX” +p,2""1 + ae + Pn1% + Py; 
Fy(%) = Yo(1) a? + (1) δ... + Py—a(1), 
Sa(u) = Po(2) τ" 5 + py(2) 2-9 +... ἘΡ,- (2), 


and so on. Enter the coefficients of f(x) and of f,(x) respectively as 
rows 1 and 2, and derive in succession by cross-multiplication row 3 
from rows 1 and 2, and row 4 from rows 2 and 3. Then the numbers in 
row 4 will differ by a constant positive factor from the coefficients of 
f.(z). The presence of this positive factor is immaterial, since in forming 
Sturm’s functions positive numerical multipliers common to any row 
can be introduced or suppressed at convenience. The process is then 
continued to give the coefficients of f,(z), by the adoption of the 
coefficients of f,() and f,(z) as new initial rows. A representative 
scheme of computation is set out below: | 


Row No. 1 Po Pi Po Ps 
2 = po(1) Pill) »4(1) (1) 

*3 0 xX x x x 
4 p(2) | »,(2) P(2) p9(2) 

*5 x x x κ 


| 6 p(3) | p,(3) pl3) (3) 
etc. etc. etc. | 
t $96 of Ref. 14. 
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Each starred row is constructed by cross-multiplication of the two 
immediately preceding unstarred rows. Each unstarred row (sub- 
sequent to row 2) is formed by cross-multiplication of its two immediate 
predecessors. To reduce labour any convenient positive multiplier 
may be extracted from any row: the resulting row is then entered 
immediately below, and the original row is of course completely ignored. 
The process will be clear from the appended example. 


EXAMPLE 
Assume the equation to bet 
fle) = a4 —2x3— 327+ 105 -- 4 = 0, 
so that f(x) = 42° — 627 — 62 + 10, 


or, on suppression of the positive multiplier 2, 
f(a) = 203 — 32? — 3445. 
The scheme is as follows: 


Hence Sturm’s functions may be taken as f(z) and f,(x) together with 
fo = 9u® 274411; f,=—8x-—3; f, = — 1438. 
The signs are as tabulated below: 


= 
=, 
& 


ΜῈ 
Ῥ 
ae 


There are thus two real roots, one situated between 0 and 1, and the 
other between — 2 and — 3. | | 


+ Example selected from ὃ 96 of Ref. 14. 
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(6) Number of Roots whose Real Parts are Positive. The rules as 
given by Routh* in this connection may be stated as follows. Let 
the given equation be | 


Port” + pyu™* + coe tT Dy 1 ETD, = 0, 


and assume p, to be made positive. A sequence of test functions R; 
may now be derived as follows. Commence with R, = po, and derive 
R, from R,, R, from R,, and so on, by writing the lower element for 
the upper element in the columns of the schedule 


A cipher is to be written for any letter when the suffix exceeds the 
degree of the equation. For instance, in the case of a biquadratic, 
Ps, Pe, etc. are zero, and the test functions as constructed on the 
foregoing basis are 


R=; R=py; R= Ρ,-- PoP, 
P1 
R, = Pe— PrP, __ PiPaPs —PoPs~ PDs. Ry = 4 
ie ( oP) PiP2—PoPs ; 
»}»ς:- Dr 


For an equation of general degree the number of roots with their 
real parts positive equals the number of changes of sign in the sequence 
of test functions Κα. 

Routh’s test functions can be expressed conveniently in terms of 
the sequence of test determinants 


To= Pos Tr= Pi; Th=| Pi Bo |; 
Ps Pe 
Tz;=|P, Po 0 |; Ty=| Pi: MP 0 0], 
Ps Po Dy Ps Pe Pr Po 
Ps Pa Ps Ps Pa Ps Pa 
| Pr Pe Ps Pa 


and so on. As before, ἃ cipher is to be substituted for any coefficient 
with ἃ suffix exceeding n. It can be shown} that Routh’s substitution, 


* ὃς 297-301 of Ref. 13. + Ref. 15. 
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as given above, converts the determinant 7, of the sequence into 
T,41/P1. Hence | 

R,=T; Ry =Ty R,=7,/T,;; By = 1412, ete. 
The penultimate test function is 7',_,/T,,_., and the final one is 7,,/7;,_1, 
which reduces to p,. An equivalent set, which offers the advantage 


that no member becomes infinite when its immediate predecessor 
vanishes, is 


R=T%; Κι Ξ Τὶ, B=; R= 1ςἼς; ...; 
ἢ ΩΣ Tn-1 dyes R,, = Pn: 


The necessary and sufficient condition for the real parts of all the 
roots to be negative is that all the test functions, or all the test deter- 
minants, shall be positive. This is the condition for stability of a linear 
dynamical system. 

It may be noted that the vanishing of 7,,_, indicates either a pair of 
purely imaginary roots or else a pair of equal and opposite real roots. 


(c) Situation of the Latent Roots of a Matrix. The following theorems* 
relating to the situation of the latent roots of a matrix « with real or 
complex elements may be-noted. The typical latent root is denoted as 
λεεμ τ ίω. 

(i) If u is Hermitian (see § 1-17), and in particular if w is real and 
symmetrical, the latent roots are all real. | 

(ii) If u is general, μ lies between the greatest and least latent root 
of the Hermitian matrix }(u+%’), and ὦ lies between the greatest and 
least latent root of the Hermitian matrix 42(u—7@’). 


* For proofs and historical references, see Chap. vim of Ref. 2. 


CHAPTER V 


LINEAR ORDINARY DIFFERENTIAL EQUATIONS 
WITH CONSTANT COEFFICTENTS 


Part I. GENERAL PROPERTIES 


5.1, Systems of Simultaneous Differential Equations. An 
important field of application of the theory of matrices will now be 
considered, namely, the solution of systems of linear ordinary differen- 
tial equations. Such systems arise in many branches of mathematical 
physics, but the majority of the illustrative problems discussed in later 
Chapters will relate to dynamics. Hence it will be convenient to regard 
the independent variable as representing time, and to denote it by t. 

The most general system of linear ordinary differential equations 
with constant coefficients consists of a set of m equations connecting 
the m dependent variables 2, 2, ...,%, With ¢. These equations may be 
expressed as | | | 

UO, =fs(D)&, +fire(D) 22 ++» +fim(D) nm — E(t) = 0, 

U,=foy(D) # +fo(D) #2 +--+» +fom(D) %m — E(t) = 0, 

On Ξε mi(D ) Vy +, ma(D ) vs Ἔ... +); mm(D ) Bm τὴς Emit) = 0. 
Here D denotes the differential operator d/dt; f,,(D) is a polynomial 
of D having constant coefficients; while £,(¢), etc. are given functions 
of ¢. The set of equations is expressible as the single matrix equation 


(Oj =Lhy(De—-{EQ)}=0, sree (1) 
or, when no ambiguity can result, even more concisely as 
O=fa-—€=0. — κεν (2) 


It may be referred to simply as the system f. 

If the elements of the matrix f(D) are polynomials of degree N at 
most in D, the system is said to be of order N. It is sometimes con- 
venient to express equations (2) in the alternative form 


(AgDN+4,DN-24....4Ay,D+Ay)@=E.  osccen (3) 
Each of the coefficients 40, A,, etc. is a square matrix of order m 


having constant elements. In particular cases one or more of these 
elements may be zero, but one element at least of A, must not be zero. 
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The system f is said to be homogeneous when the functions ξ,(ἔ) are 
all absent: if one or more of these functions is present, the system is 
non-homogeneous. The general solution of a non-homogeneous system 
is the sum of the complementary function, namely, the general solution 
of the homogeneous system obtained by omission of all the functions 
E(t), and of any particular integral of the complete system. 

The theory is intimately bound up with the properties of the matrix 
f(D), which are obviously closely analogous to those of A-matrices (see 
Chapter m1). The usual process of construction of the complementary 
function practically amounts to a substitution of A for the operator D 
in f(D). The method, which is well known, is to assume a constituent of 
the complementary function to be z = ek, where e™ is a scalar multi- — 
plier, and & is a column of constants to be found. Then A and & must | 


be such that f(D) eMk = ΘΜ (Δ) = 0. | 
The condition of consistency requires the index A to be a root of the 
algebraic equation A(A)=|fA)|=0, wees (4) 


while the column k, of constants corresponding to any given root A, 
is determined to an arbitrary common multiplier by f(A,) k, = 0. This 
process yields the complete complementary function in the standard 
simple case where all the roots of A(A) = 0 are distinct. 

Both the purely operational determinant | f(D)| and the corre- 
sponding algebraic determinant | f(A) | are sometimes referred to as 
the “characteristic determinant”. Although in most cases this can — 
cause no confusion, it is preferable to adopt terms which distinguish 
between operators and algebraic quantities. It is also common practice 
to speak of equation (4)—sometimes also written in the quite meaning- 
less form | f(D) | = 0—as the “characteristic equation”’. However, this 
term already has an established meaning in relation to A-matrices of the 
special simple type AJ —u. The following definitions will be adopted 
here: FD): osescssiseasiines the D-matrix. 

F(A) eseseieeicieans the A-matrix. 

A(D)=| f(D) | ... the D-determinant. 

A(A)=| f(A) |... the A-determinant. 

A(A) = 0 ........- the determinantal equation. 


The degree in A of A(A) is assumed to be , and the roots of the deter- 
minantal equation are denoted by 4, Az, ---,An- A distinct symbol is 
therefore used to represent each root, even when multiple roots occur. 
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5:2. Equivalent Systems. From a given system f of linear differ- 
ential equations it is possible to form new systems by operations with 
polynomials of D on one or more of the equations U,, U,, etc., and addi- 
tion. New complete systems g may thus be derived which will have 


the fi : 
Soe σν--ἢ =D) (fy-f)=0 see (1) 


The square matrix ~(D) here applied as a premultiplier to the system 
f is of order m, and its elements are given polynomials of D. The deter- 
minant | “(D) | will be assumed not to vanish, but it may be constant 
in the sense that it is independent of D. | 

In (1) the dependent variables are denoted by y whereas in (5-1-2) 
they are denoted by z. This distinction must usually be made since the 
derived system g normally contains greater generality than the parent 
system f. Clearly, every solution of f satisfies g, but every solution of g 
does not necessarily satisfy f. However, the important case is where 
both conditions are satisfied, so that every solution of f satisfies g, and 
conversely. The two systems are then equivalent, and the variables x 
and y can legitimately be identified. The condition for equivalence is 
that the determinant | “(D)| shall be independent of D and not zero. 
In this particular case the elements of the reciprocal matrix p(D) 
are clearly also all polynomials of D; and since fy —£ = w—(D) (gy — ῃ), 
it follows that every solution of g then satisfies f, as required. The 
condition | “(D)| = const. is necessary and sufficient for the equi- 
valence of the two systems. It is evident that the D-determinants of 
equivalent systems can only differ by constant multipliers. 


EXAMPLE 
Suppose f to be the system © 
(D? + 1) 2%, + 2D%x, = 0, 
Du, + (2D? —1) 2, = cos i} 


Then if “(D) is chosen tobe [ 1, —D i the derived system g is 
| | —D, D?+1 


1, ~—D][D?+1, 2D3 3] = 1, maf τ | 
—D, D*+1 D, 2D2—1]|Ys2 — D, D? +1] |} cost 


OF — Wt+Dy, = I 
(D?— 1) y, = 0. 
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Since | #(D)| = 1 (a non-zero constant), the two systems are equivalent. 
The solution of (3) is here obvious by inspection. Evidently 
Ya =e Ὁ οχε | 
and hence y, = sint—c,e+c,e-+, 
where ¢,, c, are arbitrary constants. Thus the solution of (2) is also 
a = ae a 
| Le = C,e'+C,e7. 
The important point to note is that equations (2) can be derived from 
(3) purely by operations with polynomials of D, just as (3) were derived 
from (2) by such operations. To obtain f from g the premultiplier to be 
used would be 
#YUD)=[ 1, -Ὦ ᾿ = [D*+1, 4 

—D, D*+1 D, 1 
When | (D) | is not a constant, then although g can be derived from f 
by steps involving only differentiations, yet f cannot be constructed 
from g without operations of integration and the attendant introduc- 
tion of further arbitrary constants. 


5-3. Transformation of the Dependent Variables. In the 
preceding section attention was restricted to the use of matrices 
#(D) as premultipliers to the equations. However, D-matrices are 
‘applied as postmultipliers when a direct transformation of the depen- 
dent variables x to a new set, say X, is effected such that 


e=MD)X.  — — — [ΡρΡρΡΌ «ρον (1) 

The following systems are then evidently the same: 
| f(D)x-é~ = 0, tees (2) 
f(D) wD) Χ --ἶ = 0. = Sasa (3) 


If the general solution of (3) in the variables X can be found, then the 
corresponding values of x are given uniquely by (1), even when 
| 4(D) | is not a constant. On the other hand, if the solution of (2) mn 
the variables x is known, the most general values of X will not 
usually be deducible from (1) without operations of integration and 
the introduction of further arbitrary constants. The exceptional case, 
again, is when the determinant | “(D) | is a constant other than zero: 
the values of X are then determinable uniquely by means of the inverse 
relation X = 4-'(D) 2. 
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| EXAMPLE 
If in (5-2-2) we substitute | 


ζι = 2D, 2D*—1 Xx, 9 

x. -1, - ||x 
the system is converted into 

D*+1, 205 ][2D,2D*-1)[X,]=[ 0 1, 
ἢ, 255-.-.]}} τὶ, —D ΙΖ cost 
or 2DX,+(D?—1) X, = 0, 
X,=cost. - 

Hence X, = οὐ ψε +c,e—, so that 


Ly 21), 2D? — ‘ cost 
x -1, -—-D ||—sint+c,é+c,e+ 
sint+c,e+c, | 
—c,e +6, eo 
This solution is effectively the same as (5-2-4), Conversely, if the values 


of x just obtained are supposed known, then the ousresponais values 
X would be given uniquely by 


fs 2D, 2D*—1]-1[x,] =| Ὁ, — [᾿ 
xX a Ἢ 1, os ἢ ͵ [ 1, —2D }{z 
5.4, Triangular Systems and a Fundamental Theorem. 


A system, say ha—£ = 0, is commonly calied a “diagonal” system 
when (D) has the special triangular arrangement 


MD)=[hy(D) hy(D) ...  him(D)]- 
0 Ro(D) ... Irom(D) 
0 ws 0 ἄμ) 


It is preferable to describe such a system as triangular, since with 
matrices the term “diagonal’’ implies that only the principal diagonal 
elements are present. 

The first equation of the system here involves x, and (in general) all 
the remaining variables, the second equation involves all the variables 
with the exception of z,, and so on, until finally the last equation 
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involves z,, only. In ny case the variables are said to be in the 
diagonal order x,, ἃς, .. 

It can be shown* that | aay system of linear differential squats 
with constant coefficients is reducible to an equivalent triangular 
system in which the dependent variables have any assigned diagonal 
order (e.g. that adopted above). The number of arbitrary constants 
involved in the solution of any triangular system is clearly the sum of 
the degrees in D of the diagonal coefficients, and it therefore equals 
the degree in D of the product h,, hes... kmm- This product, however, 
is equal to the D-determinant of the triangular system, and is thus 
merely a constant multiple of the D-determinant of any equivalent 
system. The fundamental theorem follows, that the nwmber of arbitrary 
constants entering into the solution of any linear system with constant 
coefficients equals the degree in D of the determinant A(D)=| f(D) |. 


EXAMPLES 
(i) A Given System Expressed as an Equivalent Triangular System. 
Suppose the system f to be 
(D+1)2,+D*2,+(D+1)2, = 0, 
(D—1)2,+Dr,+(D—1)%g=0,- naa (1) 


25 +%_+ Dx, = 0. 
Use as premultiplier | 


MD) = F-1, — D, 13 
0, “--1, (D—1) 
1, (—D?+D +1), (D?—2D*—D). 
the constant determinant of which is — 1. Then the result is 
—1,-D*, (D®-—D*-1) 1 =H 0, οοοοο (2) 
0, --ἰ, (D2? -- 2 +1) | Zp 
0; 0, (*-3D'+ D?+D)1 La, 
—%_+ (D?—2D+1)2z, = 0, 
(D4 —3.D* + D?+D)2z3 = 0. 


* A formal proof is given in § 6-5 of Ref. 5. 
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Triangular systems of the type (2), in which all the principal diagonal 
coefficients with the exception of the last are independent of D, are of 
special simplicity, and may be referred to as simple triangular systems. 


(1) The Fundamental Theorem. The number of arbitrary cunstants 
entering into the general solution of (2) is evidently four (the degree of 
the last coefficient). Hence four arbitrary constants appear in the 
general solution of (1). This equals the degree in D of | f(D) |. 


5°5. Conversion of a System of General Order into a First- 
Order System. If the system fx—£ = 0 is not already of first order, 
suppose it to be expressed in the form (see (5- 1-3)) 


(A) DN+A,DN14+...4 Ay ,D+Ay)t ab, es. (1) 


in which the coefficients A are square matrices of order m with constant 
elements, and N>1. One element at least of A, is assumed not to 
be zero. 


Case 1. Leading Coefficient Not Singular. Suppose firstly that 
|4,|+0, so that the reciprocal matrix A>} exists. In this case, 
equation (1) can be premultiplied by Aj! to give 


DNz = —Gy%—Gy_,Du—...—-a,DN 240, .... (2) 
where | | a, = 434,, 
and — " C= Aig. 
Now write X,=2, X,=Dz, ..., Xv = DN-1y, 
80 that DX,=X,, DX,=X,, ..., DXy_.=Xy, .-...Ψ.Ψ. (3) 
while equation (2) becomes 

DX y = — Gy ΄,--αν.1.Χ, τος - a Xytl. ores (4) 


If the N sets X,,X,,...,X,,—each containing m variables—are 
rega~ded as a single set of mN new variables y defined by 


y = {X;} = {ay,...,%_, Day, «νος, Πα, «οὐ, DN—x,, εὐ Shas set 


the mN scalar equations satisfied by the variables y are represented 
by (3) and (4). This first-order system will be denoted by 


Dy = εἰν τῆ, 
where 9 = {0,0,..., 0, ), 


5.5 | CONVERSION TO FIRST ORDER 163 


and where u is a square matrix of order mN which can be partitioned 
as below into square matrices of order m: 


aro. Lo <0) ὦν Ὁ © 


0, 0, ds , 0, 0 
0, 9, O;. τὰν Oy. ὦ 
- ὧν» - Qn 1) — An-.9 ony — Qo, —A; 


A system of differential equations of general order can usually be 
converted into a first-order system in an indefinitely large number of 
different ways. The special method given above has the advantage of 
simplicity. 

Case II. Leading Coefficient Singular. Next, let A, be of rank r. 
Then (see ὃ 3-13) non-singular square matrices P, Q, of order m, with 
constant elements, can be found such that | 


a = PA, Q, 


where «, has zero elements with the exception of r units occupying the 
first r places in the principal diagonal. Now replace the m variables x 
in equation (1) by a set # such that « = Qa, and premultiply the 
resulting equation by P. Then 7 


(tDN + PA,QDN-“"+...4 PAyQ)x = P§, 
or say iy DNa = —ayX%—Ay_,Dae—...—a,DN 72+6.  ..--- (5) 


The system of scalar equations represented by (5) resembles (2) except 
that the left-hand side of the ith equation is equal to DNx, when 1 <r, 
but is zero when i>r. Hence if a new set of dependent variables y is 
introduced such that | 


fap} = {ar,, 2005 Langs Dx, οὐὸ IOS ων ὮΝ x, τ ΟΝ τι 


the equations (5) will be reducible to a system of mN equations of first 
order similar to (3) and (4), except that the last m—r equations will 
consist purely of linear algebraic relations connecting the mN variables 
y. These m—r linear relations can be used to eliminate m—r of the 
variables y from the remaining equations of the system. The final 
system will then consist of only mN —m +r independent equations. 
In practice, when Ag is singular the conversion to a first-order 
system can usually be effected by a judicious manipulation of the 
equations, without actual determination of the matrices P and Q. 
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EXAMPLES 
(i) A Single Equation of Order n. Let the given single equation be 
Dx + p,D™ 24 ... Ἔ},.5 = ξ. | 
Then if {Y1) Yas «++» Yn} = {@, Dz, ..., "Δα, 
the equivalent system of first order is | 
Diy,]=f 9, 1, #0, «. 0, 0 ¥,|+. 0 
Ys 0, 0, 1, .., 0, 0 Y> 0 


Φοοοῤοοουοουρδοφοοφυφονοονοουουοορφουδονόφοῦ 


0, 0, 0θ, ..., 0, ] a 
-},» --},.-1» — Pn—a +++) ~Pa πτῬι.}}ὶ Yn E(t) 


(it) Linear Dynamical Equations of Lagrangian Type. The Lagrangian 
equations for the small free motions of a dynamical system in m 
generalised coordinates q;, 49» ---, 4,, are of the type 

Aqd+ B¢+Cq = 0, 


where | A |+0. They can be replaced by the system of 2m first-order 
equations represented by Dy = wy | 


where y= ᾳ, 4) 
and “| 0, ££, | 
| -410, ~A“B. 
(iii) The Matrix Ay Singular. Consider the system 
| 8 2 1) D%+f0 0 1) Dr+fl 2 1]e=0. 
: 1 - [ 1 ἢ 0-1 | 
ll 2 1 0 0 2 10 


Here A, is of rank 2. Subtraction of the sum of the second and third 
equations from the first yields | 


~ Da, — Dt ας ταὶ αι, τας τ,  ———seeaee (6) 
which can be used to express D2z, in terms of D*x, and D*x, and lower 
derivatives. By this means, the first two equations may be replaced by 

D*x, — Dx, + 31), -- Dx —%_+ 2x5 = 0, 
8D°x, + 5Dx, —14D2_+ 6 Dx, +X, + θας -- Ἰὰς = a 
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Hence, if {41, Yas Ys» Yar Ys» Yo} = (αν, 2g, %gy Day, Dag, Dts}, «+++ (8) 
then , | Dy, = Ya 
| | Dys = Ys 
and from (7) and (8) U¥a= Ye 


DYyg = Ya— 395+ Yet Ya— Yo: | 
Dyg = — Syst 38 Ys— 2Y6—3Y1— Yat SYs-_ 
Also (6) is equivalent to 
O = Yet ¥5—YotYi— Yat 9: 
These equations can be used as they stand, or reduced to a system of 


five equations by elimination of one variable, say Ye. The final system 
would then be | 


Dy, | = 0 90 0 1 ΟΤ7[γ.ι 
Ys 0 oO 0 0 141%. 
Ys 1-2 1 1. l/1¥Ys 
Yo 1 - -l 2 --τἢ}] 4 
¥5 -πξ 2 3 —Y sIly 


5-6. The Adjoint and Derived Adjoint Matrices. For con- 
venience of reference a number of important definitions and theorems 
relating to A-matrices will now be recalled. 


If | F(A) = Fula), Fis(A), wees Fim(A) > 
f a1(A); f aa(A), 5.5.9) f am(A) 


eesteocaeneneneeneaeaeeeneeeed 


f mA); f ma); 85 Ji mm(A) 
the adjoint of f is defined to be 
F(A) =| F π(λ), F(A), «++ FralA) |; 
F,,(A); F,,(A), 5.8.9} F, ma(A) 
FinlA), FAA); “ “2 FranlA) 


where F,, is the cofactor of ἔμ in the determinant A(A) =| f(A) |. Thus 
Fis the transposed of the matrix of the cofactors of f. The two matrices 
f, F have the property 


fA) FA) = FAFA) = AA) In. 
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a?F . (p) 
PT, is denoted by F(A), and for 
brevity the matrix (ae) , where A, is any root of A(A) = 0, is 
(py \UA? Jama, 
represented by F(A,). 
Theorems (A) to (E) of ὃ 3-5 may be summarised as follows: 


The pth derived adjoint matrix —— 


(a2) Simple Roots. If A, is a simple root of the determinantal equation, 
f(A,) is simply degenerate and F(A,) is expressible as a matrix product 


F (A,) = {kip} LK 4] = k, Ky, 
_in which k,,, x, are constants appropriate to the chosen root and at 
least one constant of each type is not zero. 

(6) Multiple Roots. If A, is a multiple root and if f(A,) is simply 
degenerate, then the adjoint can be represented as for case (a) by 
F(A,)=k,x,. On the other hand, if f(A,) has degeneracy g>1, the 


(α-- 2) 
adjoint and the derived adjoints up to and including ΓΕ at least are 
all null. The root has multiplicity α at least when f(A,) has degeneracy 4. 
The columns k, and the rows x, have the properties (compare (3-6-5), 


(3-6-6)) fA =0 hae (1) 
Kef(Ar)=9. nee (2) 
EXAMPLES 


(i) Simple Roois. Assume 
f(A) = ἂν 2, peas ; 


λϑ, A4+2 
Then 
A(A) = —2(A—2)(A+1) and F(A) = ine 2, τω ; 
| —A?, A+2 
The roots, say A, = 2 and A, = — 1, are here both simple. They give 
F(A,) = [ 18 ao 55: [ “| [2, —2] 
—4 4 —2 | 
and Τρ] 8 “ἢ a | [51 
—-l 1] —l 


(ii) Multiple Roots. Suppose 
F(A) = [11A8 + 140 + 15, 8A2 + 140 + 14, BAP + 110 4 10]. 
11A2+ 10A4+ 11, 8A?+10A+10, 5A24+8A+7 
TA24+2A+7, 5A2+3A+6, 3A24+3A44 


5.6- 5.7 CONSTITUENT SOLUTIONS 167° 
In this case A(A) = A(A— 1)? (A+ 1%, giving A, = 0, Ag = As = 1, and 


A, =A, =—1. Substitution of the roots in f(A) gives 


f(A,) = 15 14 10]; Κλ) = [40 36 267; f(As)= 712 8 4]. 
1l 10 7 32 28 20 Ε 8 ‘ 
7 6 4 i6 14 10 12 8 4 


The first two of these are simply degenerate, while f(A,) has degeneracy 
2. The corresponding adjoints are 


FA) =[-2 4 -2]=[-270, --2, 1], 
5 —10 5 | ἢ 


-4 8 -4 aa 
F(a,)=f0 4 --8]-Ξ- [ 47[0,1, -2], 
ἶ -16 32 - ἢ 
0 16 --Ξ32 16 
F(A,) = 0. 


5-7, Construction of the Constituent Solutions. It will now 
be shown how the constituent solutions of a system of homogeneous 
differential equations f(D) = 0 can be obtained. For clarity the con- 
stituents appropriate to simple roots and to multiple roots of the deter- 
minantal equation are considered under separate headings. 


(a) Simple Roots. Let A, denote any simple root of A(A) = 0. Then 


since f(D) ee F(A,) = ef(A,) F(a,) = 0, 


it follows that every column of the matrix e* F(A,) satisfies the given 
differential equations. But by §5-6 the columns of F(A,) are all pro- 
portional to k,. Hence the constituent solution corresponding to the 
given simple root can be chosen to be an arbitrary multiple of ek. 


(b) Multiple Roots. Let A, be multiple root, and for simplicity 
suppose, firstly, A, to be only once repeated. Consider the two matrices 


Walt, A.) = erst F(A,); | 
MAy=[_ora] =e tPA) +A) 


The first matrix W,(é, A,) is similar to that already considered and all 
its columns thus satisfy f(D) 2 = 0: this conclusion remains true, but 
is nugatory, when Κλ.) happens to be null. We shall now show that 
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all the columns of W,(t,A,) also satisfy the differential equations. By 
the usual properties of differential operators 


f(D) Wilt, A) = (5) [ λιν | 


a (a | 
= f(g) erro 
ee | 
τα ΤΟ FA 
2 : 
πὸ “(2+ A(A)I. asaaes α) 
Since A, is assumed to be a double root of A(A) = 0, both A(A) and 
Z = vanish when A = A,. Hence 


f(D) W(t, Ae) = 0. 

It can be proved by exactly the same method that, if A, is an s-fold 
root of A(A) = 0, then every column of every member of the family of 
matrices W(t, A,), W,(t, A,), -.., We_s(t, A,) satisfies the differential equa- 
tions, where the typical ee of the family is defined to be* 


W,(t,a,)=| MRA) | = ν t) FA) 
BUA ΠΕ ( ) πε Ω a): 
It will be convenient to write W,(t, A,) =e U,(é, A,), so that 
(p) (p—1) =F (p-~ 2) 
U,(t, A.) = F(A,) + pt F(A,) ee F(A,) +...+PF(A,). 


Since there are s matrices Uj, U,,...,U,_, corresponding to the s-fold 
root, and since each matrix has m columns, the total number of con- 
stituent solutions (including possibly some null solutions) obtained in 
this way would be ms. However, corresponding to any s-fold root, only 
8 linearly independent solutions are to be expected. It follows that the 
ms columns concerned are necessarily connected by s(m—1) linear 
relations. 

In view of the theorems summarised under heading (6) of § 5-6 it is 
seen that when f(A,) has degeneracy g the matrices W, 7 (é, A,) and 

U,(é, A,) are null for values of p up to and including g— 2 at least. 


* More generally, if W,(t, A,) = E eXt~7) roy] 


where 7 is an arbitrary constant, then every member of the family W,, W,, ..., W,_, also 
satisfies f(D) x = 0. . 
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EXAMPLES 


(i) Simple Case of a Diagonal System. Suppose f (D) Bs 0, where 
F(A) πρὶ (λ -- αὐ, 0, 0 
| 0, (A—a)(A-—f), 0 
0, 0, (A—a) (A—£) (A—-Y) 
=(A—a)f1, 0, 0 ; 
0, (λ-- δ). 90 


and a+: B+ y. Here A(A) = (λ -- α)ϑ(λ-- β)5 (λ--)}, and 
F(A) = (A-a)*(A—A)(A-A)(A-y), ὁ, 07. 
0, 0, 1 

For the simple root A = y the matrix W,(é,y) = er F(y) contains ἃ 
non-zero column proportional to {0, 0,1}. The one constituent corre- 
sponding to y may thus be taken as 670,0, 1}. 

The degeneracy of f(A) is 2 for the root # and 3 for the root a, and for 
each of these roots F(A) is null. Now 


(1) 
F(f) τ (β -- αὐ 0, 0, OF, 
0, (8 —¥); 0 
| 0, 0, 1 
and this contains two non-zero columns, which lead to the two distinct 
seas oo 1 , 0} and e/{0, 0, 1}. 
Again, Fla) = 0, but | 


F(a) = Ξ(α--β)(α--β)(α--γ), 9% 67, 
| 0, (a -- ). 0 
0, 0, 1 
which yields the three indepemment constituents e“{1, 0, 0}, e“{0, 1, 0} 


and e“{0, 0, 1}. 
Next consider the modifications when y = LB. In this case 


f(A) = (λ-- α)1, 0, 0 : 
ἢ (A—£), 0 | 
0, 0, (A—£)* 
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and A(A) = (λ-- α)ϑ(λ-- β)8, which yields two triple roots a and β᾽ 
As before, the matrix f(A) has degeneracy 2 for the root # and 8 for 
the root a, while F(A) is null for each root. The three constituents 
corresponding to A = a have the same forms as before. However, 


F(B) = (8—a)[0 0 07, 
[ 0 ] 
0 0 1 


which yields only one non-vanishing column. To obtain the full 
number of constituents corresponding to the triple root f it is necessary 
to proceed to (2) 
| F(f)=2(B-a)fo 0 07. 
0 (β-αὴ 0 
0 0 2 
The three independent constituents required are now given by the 
(1) 7 
third column of the matrix e““F'(#) and the third and second columns of 
__ (3) (1) 
ef F(B)+ 2tF(f)]. They may be taken as e/{0,0, 1}, e#{0, 0,2} and 
(0, 1, O}. ἮΕΝ 
Lastly, suppose « = £8 = y, so that 
f)=(A-a)[1, 0, 0 7, 
0,A-—a, 0 
0, 0, (A = a)? 
with A(A) = (A—«a)*. Here a is a sextuple root, and f(a) has degeneracy 


3. Then F(A) = (A—a)®[(A—a)*, 0, 01. 
. 0, a --ἃ, 0 
θ,.. oO, 1} 


The derived adjoint matrices which are not null are 


(3) (4) (5) 
Fiaj={0 0 OJ]; F(a)=[O0 O 07], F(a)=f120 0 07; 
00 0] 0 24 0 00 0 
00 6 0 00 00 0 


while the matrices whose non-vanishing columns yield possible con- 
stituents are | 


(3) (4) (3) (5) (4) (3) 
eHF(a), e“[F(a)+4tF(a)], and e#[F(a)+ 5tF(a) + 102F(a)]. 
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The six independent constituents may clearly be chosen as the six 
columns of the matrix 


e“f0 0 0 1 0 Of. 
0100 ὁ 9 
1.0 ἐ 0 0 ἐδ 
(ii) A more General agi Suppose 
f(A) = —2A,A8—A?+A, —A 
iy — 3A, A3, -λ 


A84+2A2—A, --λῖ, λδιλἔἕ-λ 
Here A(A) = -- 2λδ8(λ -- 1)5(λ-.1), giving the roots A=0 (triple), 
A = 1 (double), A = — 1 (single). In this case 
F(A) = AX(A-1) A(A + 1)3, —(A§+A?+1), 1 
—(A2—1)(A+ 2), (A8?+A2—2A-1), -1 
—A(A+1)(A4+3), (A?+3A?+1), —3 
This is null for A = 0 and A = 1, and for A = — 1 it reduces to 
F(-1)=-2f0 -1 11. 
0 1-1 
0 3-3 
The constituent corresponding to the nee root A = —1 may thus 
be taken as e~{1, —1, —3}. 
Since F(A) is null for the double root A = 1, the two constituents 
eons to this root will be given by two of the columns of 


efF(I). By direct sce ess of the expression for F(A), it is seen 


that 


0-1-1 
-8 5-3 
The three columns of this matrix are not linearly independent the 
sum of the first two yields ~ poe 


Lastly, it is evident that F(0) = F(0) = 0, and that 
(2) 
F(0)=—2f0 —1 171. 


2-1-1 
0 1-3 
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The three independent constituents corresponding to the triple — 
root A = 0 may therefore be taken proportional to the three columns 
of this matrix. | 

It should be noted that the arithmetical work involved in the 
evaluation of the derived adjoint matrices for the multiple roots is 
often greatly simplified by the extraction, as a scalar multiplier, of any 
factors common to the elements of F(A) (e.g. the extraction of A2(A — 1) 
as a common factor in this example). 


᾿ς 3°8. Numerical Evaluation of the Constituent Solutions. 
As explained in § 5-7 the constituent solutions appropriate to any given 
root A, of A(A) = 0 are found from the independent columns of the 
family of matrices W,(t, A,), which are linear in F'(A,) and its derivatives. 
A possible method of computation of the constituents is to construct 
F(A) from the cofactors in f(A), and to obtain the necessary derived 
adjoint matrices by direct differentiation with A kept general. The 
value A = A, is then inserted. However, in practice, the construction 
_ of F(A) for a general value of A is extremely laborious when the order 
of f(A) is even moderately large. A simpler treatment, which is actually 
an extension of the methods given in § 4-12, will now be described. 

When A, is a simple root, the corresponding constituent can be 
taken proportional to any non-zero column of the matrix W(t, A,). 
A column proportional to the columns of F(A,) can be calculated at 
once by the method of § 4-12. 

When A, is a double root, the constituent solutions are to be chosen 
proportional to any two linearly independent columns of W, and γῇ. 
More generally, the required columns can be chosen from the matrices 


a, = [a F(A,)) 
and _ aW, 1+ OW, ᾿Ξ λα α ΓΙᾺ, )+ OF (A,) +taF(A,)] 
᾿ which a and ὃ are arbitrary scalars. But since f(A, ) F(A,) = 0 and 
at ) BA, ) = 0 when A, is a double root, we have also 
F(A.) [aF (A,)] = 


(1) (1) 
F(Ag) [a (A,) + BF(A,)] + f(A.) [@F(A,)] = 0. 
Hence, if ¢ denotes a column of aF(A,), and ¢, the corresponding 


column of aF(A,) +bF(A,), fla,)o = 0, 
| (2) 
F(As) Pr + f(As) ᾧ = 0. ¢  Sdeecst(2) 
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Equation (1) when treated by the method of § 4-12 yields ¢, and if the 
column so determined is ἀράν: in (2), ¢, can be found by 


operation on the rows of f(A,) and ἢ (A,) ¢@ in a way similar to that 
described in § 4:12. If f(A,) is doubly degenerate F(A,) is null, and the 
equation to be solved then is 
f (A,) φι = 0. 

This yields two linearly independent solutions. 

When A, is an s-fold root, an extension of the foregoing process 
yields successive columns which may be used directly to construct the 
constituent solutions. 


EXAMPLES 


(i) First-Order System. As a very simple first example, suppose 
sari α. 1, -—4 in = 0. 
ἌΝ 1, D-3 


The determinantal equation A(A) = 0 Ἐπὶ a double root cs = 1, and 


a τ fa) = Ε “i 


The method of § 4-12 shows at once that the columns of the adjoint 
F(1) are proportional to {2, 1}, and we may therefore choose ᾧ = {2, 1}. 


me RRL 


Since f(1) is singular, the equations contained here are not linearly 
independent (see §4- 13). Writing ¢,={a, f}, we obtain the single 
equation α -- 2β- 1 = 0, so that 
= {28—1, 6} = (2,1) 8—{1, 0}. 
The column multiplied by f is an arbitrary multiple of ¢ and can be 
disregarded. Thus ¢, can be taken to be {1, 0}, and the constituents 
can be chosen as e{2, 1} and e'{1, 0} + te{2, 1}. 
The first columns of the actual adjoint F(1) and of F( 1) are{—2, —1} 
and {1, 0}. 
(ii) Second-Order System. Next consider the system for which 
f(A) = [2λ8--ἀλ- 1, AP-At+1, 2A-1 
λδ--8λ-:1, λῆ--2λ- 1, 2λ--1 
λδ.-6λ- 3, 2λ3 --θΘλ- 8,ὅλ--8} 
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Here A(A) = A*(A — 1)8, and f(A) is doubly degenerate for the double 
root A = 0 and simply degenerate for the triple root A = 1. 

The method of §4-12 at once yields the two constituent solutions 
corresponding to A = 0. The rows of the a ai of f(0) are combined 
as follows: 


Hence the two constituents may be chosen as {1, 0, 1} and {0, 1, 1}. 
For the triple root A = 1 we have | 


| (1) . (2) 
fHM=f-1 1 1, fad= 0 1 2), fad=f4 2 0 
—~l1 0 1 t—-l 0 2 12 2 0 
ee ee —4 -2 5 2 4 0 


A column of F(1) is found by the previous method to be ¢ = {1, 0, 1}. 
The equation on ¢g, is 


f()¢, +f(l)¢ = f(1) $1 + {2, 1, 1} = 0; or, if 6, ={c, 2, 7}, 


-1l 1 1Π[αἃ[ Ξ [-- 2]. 
—~l1 0O 114 —1 
—~2 -1 2||γ —1 


If we reject the last scalar equation represented here, and regard γ as 
Srniirery, we can write 


a olla a) [τ 
-1 0 ¥ ] ~] 
the solution of which is readily found to be 
ἢ = is | 11. 
o| |-1| 
Hence $,={a, 8, y} = yf, 0, 1}+{1, —1, 0}. 


Here, again, an arbitrary multiple of ¢ is present. 
To determine the next independent column ¢,= {§,7,¢} we can 
assign y at convenience; but for illustrative purposes the value will be 
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_ kept general. The equation for = is then 


κυ bot fl) +f) 6 = 0, 


or 1 -1 1 1 = γί --47 -Ἐ [2] -Ἐἰ -- 4] =y| —4]+] --δ]. 
.-1 0. 1{|η -2} 2 -9 -2]} 0 
—-2-1 2|{{] -2}] [4] |[--2 - 2 


Rejecting the last scalar equation, and keeping ζ general, we write 
[Ξι ll) 1 1.2 οἱ 
-1 0 ἢ 1 ΞΡ 0 
which gives | a € di κε + | | , 
| ἥ " —2} |-2 


or φιπίξ, η,2) = 1,0, 1} +27 (1, --ἴ, +0, —2, 0}. 
In this solution arbitrary multiples of ¢ and ¢, are present, but it is 
legitimate to choose y = ¢ = 0, and then ¢, = {0, — 2, 0}. Hence the 
constituent solutions may be chosen to be 
e{1,0, 1}, οἴ, —1, 0}+¢e{1, 0, 1}, 
and e{0, -- 2, O} + 2te{1, —1, 0} + te4{1, 0, 1}. 
Actually the first column of F(1) is {1, 0, 1}; while the first columns 
of τῷ and γᾷ) are, respectively, 
{4, —1, 3} = 3{1, 0, 1}+{1, —1, 0}, 
and (8, —8, 2} = 2{1, 0, 1} + 6{1, — 1, 0}+{0, —2, 0). 


5-9. Expansions in Partial Fractions. We shall next consider 
certain identities which will be used extensively later. 

Suppose G(A) to denote an arbitrary (g,m) A-matrix, and let A(A), 
F(A) be, respectively, the A-determinant and the adjoint matrix of f(A). _ 
Then each element of the matrix product G(A) F(A)/A(A) can be 
developed in partial fractions by the usual methods of algebra, and 
a similar type of expansion can therefore be assumed for the complete 
matrix product. The precise form of the expansion τὸ υρὴν on the 
nature of the roots of A(A) = 0. 


Case I. Roots of A(A) = 0 all Distinct. In this case the correct form 


to assume is , 
G(A) F(A) _ δι A, | 
A(A) = (A)+ σ᾿ eonenve (1) 
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Here Ο(λ), if present, is a A-matrix, while 4,, 4, etc. are matrices of 
constants which are determinable by the usual rules. Thus to find 4,, 
multiply (1) throughout by A—A, and put os A,. This gives 


A, = G(A,) F(A,)/AQ,). 
= σι) = QA)+ FGA | ay 
=A) (A-A) 
If the sage GA) τ is of degree less than n (the degree of A(A)), 
then Q(A) = | 
Asa ae case assume G'(A) = L,. Then (2) gives 


ae PA) =OA)+ E—_ A) (3) 


* A(A,) (A—Ay) 
When the degree of F(A) does not exceed that of A(A), the quotient in 
(3) will be a matrix of constants (or ciphers), say @ = C. To determine 
C put A = 0 in (3): then 
FOO) δε § FQ 
TAA) 
and substitution for C in (3) eas | 
FA) _ FO), 5. F(A) "ἢ 
Δ λ Δ 0 = (1) ee i @eeene 
OT Asad 
This is the matrix equivalent of a well-knownidentity dueto Heaviside. * 
Case II. Roots of A(A) = 0 Repeated. When repeated roots occur, ἃ 
set of s roots equal ta A, will give rise in (1) to a set of 8 terms of the form 
B, B, B, 
τ τς τυ. οἰ: (5 
—A, (A—A,)? (A—A,)° | ( ᾿ 
Writing A(A) = (A—A,)* ὉΠ we obtain in the usual way 
ort GA) F(A) 
= 5 -ἰ] oAs-t ~ AA) Nias Ae 
The preceding formulae are all identities in A, and following the usual 
operational methods for scalar πὰ ἀν equations, we may replace 


GA) F(A) 


Hence ACA) 


A by the differential operator D= < ? and so derive corresponding 


“operational” identities. Such operational identities are particularly 
convenient in the solution of systems of differential equations with 
given initial conditions (see, for instance, § 6-9). 


* For remarks on Heaviside’s method of solution see § 6-9. 
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EXAMPLES 


(i) Operational Formulae for the Case of Distinct Roots. In (2) 
substitute A= D, and postmultiply both sides by f(D) x(t)— —&(t), 
where z(t) and £(¢) are columns of any sets of m quantities dependent 
ont. Then, using the property F(A,)f(A,) = 0, we can write the resulting 
identity as 


G(D) a(t) = Q(D){fD) x(t) -E0)} + ΣᾺ Da 


G(D) F (D) _ 
A(D) E(t) = p- a6). εὐρωνι (6) 
Since {(}) —f(A,) is divisible by 2 --,, the a summation in (6) is 
- rational and integral in the operator D. 
If x(t) is now assumed to satisfy the differential equations 


F(D)xt)-E) = 0, ae (7) 


then (6) reduces to 
G(D) F(D) 


G(D) x(t) = ΣΑ, ice La) =) a(t) + A(D) 


n A. 7 
ἔι)-- Σ py ξώ. 


It should be noted that (8) holds good for arbitrary columns z(t) and 
£(t) only when Q = 0 in (2). If Q does not vanish, then (8) is only true 
in conjunction with (7). The formula will be used in §6-5 to obtain 8 
special form of solution of a system of differential equations. 

(ii) Operational Formulae for Case of Repeated Roots. The modifica- 
tions to (6) and (8) when repeated roots occur will next be considered 
briefly. The terms contributed to the right-hand sides of these equa- 
tions due to a set of 8 i. equal to A, are — | 


2p e0- Σ wp Bais (9) 


It is possible to substitute for the first summation in (9) another 
‘summation, each term of which is rational and meee in D. Thus it 
can be shown ΒΒ. | 

Σ (D— Daye; = Σ BAP, a): "eee (10) 

in which | ; περ | 
7 (1) (D—A,) GD 
(D—A,)'b,(D, A.) = f(D) -F(As) -- ~(D- Ag) f(As)— +++ a eae! 8)" 
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By expansion of f(D)=f(A,+D—A,) ina Taylor’s series it is at once 
_ Seen that 3,(D, A,) is rational and integral in D. To establish (10) it is 
only necessary to collect together the separate powers of (D—A,)-* 
and to show that the total coefficients of these terms vanish: use 
should be made of the relation F(A) F(A)/A,(A) = (A—A,)* I. The actual 
proof can be left to the reader. 

The terms contributed to the right-hand sides of (6) and (8) may 
thus be taken as 7 


8 8 B : 
2 BAdd, A,) x(t) - Σ (D—Ay E(t). veces (12) 


Part II. ConstRUCTION OF THE COMPLEMENTARY 
FUNCTION AND OF A PARTICULAR INTEGRAL 


5:10. The Complementary Function. The notation and ter- 
minology summarised in the present section should be carefully noted 
as it will hereafter be adopted as the standard. 

The number of the dependent variables is m and the n roots of 
A(A) = 0 are Aj, Aq, ...,λη. These roots are not necessarily all distinct, 
but different suffixes are used to specify the full set of roots. Generally 
A, denotes a typical simple root, and A, represents a typical member of 
ἃ set of 8 equal roots. 

The complete complementary function of the differential equations 
f(D) z—& = 0 is constructed as the sum of arbitrary multiples of the n 
independent constituents corresponding to the n roots Ags λα» er An 
Subject to the conventions just explained regarding the notation for 
roots, each root will contribute one constituent. 


(2) Semple Roots. The constituent appropriate to the typical simple 
root A, is denoted by | 
% = {hy,, kea,, «2+, Kip} eA Ξε ke, ert, 
_ and the column of constants k, can be chosen proportional to any non- 


vanishing column of the adjoint F(A,) of f(A,). This matrix will be a 
product of the type k, x,. | 


(ὁ) Sets of Equal Roots. If A, is one of a set of 8 equal roots, the con- 
stituent appropriate to A, is written | 


aw = {ky,(t), keg(t), ..., kng(t)} ee! = k(t) er, 
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and the s columns of the type k,(t) appropriate to the whole set of 
equal roots may be chosen proportional to any 8 linearly independent 
columns of the set of matrices (see § 5-7) 


Up(t,A,) = F(A,) 
U4 (E, A,) = FF (Ay) +tF (A,); 
U,(t, A,) = F(A) + 2F(,) + AF (A), 


CORO SES SEHHAAEHSHESAESSETERESEESEHRESHEOHSHHSHEHOHHHEHHEHHHEHBHOHOSKEBSEHESSELEEHAOOEDS 


U,_,(t, A,) = F(A) +(s—1) FO.) + eR.) + we tPF (A,). 


(8 -- 1) (8 - 2) 
2 

The elements k,,(¢) are thus polynomials in ¢ of degree s— 1 at most. In 
the particular case where 8 = 1 (and the root concerned is thus simple) 
they are constants, and the brackets indicating their dependence on ¢ | 
may be omitted. 

The columns £,(¢) define, as it were, the modes of the constituents in 
their relation to purely exponential laws. The column appropriate to 
᾿ς the typical root A, (whether simple or multiple) will be spoken of as the 
modal column corresponding to the root A,, and any element of a modal 
column will be referred to as a modal coefficient. 

Since k,(t)e* by definition satisfies the differential equations 
f(D) x = 0, it follows that the modal columns have the property* 


f(A,+D) k,{t) ms 0. 


The (7m, n) matrix formed from the modal columns is of greatimportance 
in the further theory. It will be spoken of as the modal matrix and it 
will be denoted by 


k(t) = [μι ἅμ ... Ran () 7. δον) 
| Kes(t) Κρ ... Kan (t) 


φοοφοφοοουνοφοοφοονοοφθφοοθοοφθοθο 


malt) Kyya(t) «+ Kant) 


In view of the remarks in the footnote to § 5-7 it is seen that in the set 
of 8 modal columns appropriate to any set of 8 roots equal to A, it is 
always legitimate to replace ¢ by (t—7), where 7 is arbitrary. Hence 
in particular a modal matrix k(t) may always be replaced by k(t—7). 


* Equation (5-6-1) is thus the particular case of this equation for ὃ = 1. 
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If M(t) represents the (n,n) diagonal matrix 
Mit)=fer 0 ... 07,  saseee(2) 
0 ef 1. 0 


*#eeeeeoteeseascetsanavses 


0 O ... eArnt 


and ὁ is ἃ column of x arbitrary constants c,,¢,,...,¢,, the complete 
complementary function is expressible as 


x = k(t) M(t)c. 


With regard to the matrices U,(t,A,), it will be noted that F(A,) 
appears as the coefficient of the highest power of ¢ in every matrix of 
the set. Hence if U,(,A,) contains any one column—say the first— 
which is not null, then the corresponding (first) columns in each of the 
succeeding matrices U,, Uj, ..., U,_, must contain t, ἐδ, ..., #- for highest 
powers. It is evident therefore that these 8 columns must be linearly 
distinct, and they will accordingly yield the required s modal columns 
appropriate to the whole set of s equal roots. 

If, on the other hand, F(A,)is null (1.6. if f(A,) is multiply degenerate), 
then the last term will be absent from U,(t,A,), and the coefficient of 


(1) 
t*-1 (now the highest power of ¢) will be F(A,). By the same argument 


as before, any one non-vanishing column of FQ) will then give rise 
to s—1 modal columns; and the additional modal column required 
must then be sought from the first other non-zero column of the family 
U;, U;, etc. which is linearly distinct from the 8 — 1 columns already used. 
The extension to more complicated cases will be obvious. 


EXAMPLES 
(i) Second-Order System. Suppose 


f(D)x=[D*-5D+3, 4D8~5D 2,] = 0. 
205. ῦ, —D*—D+3 ia 


Here A(A) = ~9(A+ 1) (A—1), and 
ἀπ ae —4)24 5A]. 
—2A2+A, A?~5A+ | 


The roots of A(A) = 0 are denoted by A, = —1 and Ag =A, =A, = 1. 
The first column of F(A,) is {3, — 3}, ie aL a = {1, —1}. 
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Again, F(A,) contains the non-zero (first) column {1, —1}, and the 
(1) (2) 
corresponding (first) columns of F(A,) and F(A.) are {—3, —3} and 
{—2, -- 4), respectively. Hence we may choose δ 5 τ τ. 
k(t) = {I, = 1), 7 
k(t) = {—3, -- 8} ἘΜῚ, — 1} | 
k(t) = {—2, —4}+ 24-3, —3}+A(1, -- 1}. 
The complementary function is accordingly | 


(7 τ 1, 1—3+t,-2-6+@][e* 0 0 O07 
le , ~—1,-1, --8--ἰ, -4-6¢-# 0 e 0 0] 
| 0 0 € 0 

0 00 εἰ 


If this result be denoted by x(t) = k(t) M(é)c, the reader can readily 
verify that other possible forms of the complementary function are 
a(t) = k(t—7) M(t)e’ and x(t) = k(¢—7) M(t—7)c’’, where ο΄ and οἵ" are 
new sets of constants, and 7 is arbitrary. 


(ii) Form of Solution when A(A) Vanishes I dentically. If A(A) reduces 
to a constant, other than zero, so that the degree in A of A(A) is zero, 


no arbitrary constants can enter into the solution of f(D)z = 0. The 


general solution then is = 0. On the other hand, if A(A) vanishes 
identically, the degree in A of A(A) is indeterminate, so that the presence 


_of arbitrary constants in the solution is not precluded. This case, which 
~ arises when the m equations of the system f(D) x = 0 are not distinct, 


is abnormal. It corresponds to the case in which one or more ciphers 
are present in the principal diagonal in Smith’s canonical form for 
A-matrices (see § 3-15). ΝΣ 
A simple example is the system 
h(D)x=[D, 0, O]fa]}=9, 
0, D(D—1), 0] | 2%. 
0, 0, OF L%, 
for which A(A) =0. The general solution is clearly 
σι = 4; 
Ie = Cot ye’, 


ἃ. = arbitrary, say y(é). 
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Consider now an equivalent system S(D)y = 0, say | 
f(D) y= Ah(D) By = 0, 
in which | A | and | B| are assumed to be non-zero constants. For this 
new system A(A)=0 as before, and (as can be directly verified) all the 
first minors of | f(A) | contain A*(A ~ 1) as ἃ common factor. The general 
solution of f(D) y = 0 will accordingly contain one arbitrary function, 
arising from the fact that | f(A) |=0. In addition there will be three 
constituents, not included under the arbitrary function, and involving 
three arbitrary constants in all, originating from the common factor 
of the first minors of | f(A) |. | 

More generally, if the A-matrix f(A) is of rank r, the general solution 
contains n—r arbitrary functions. Further, if the common factor of 
the minors of order r is of degree p in A, then there are p additional 
constituents of normal type corresponding to this common factor. As 
an illustration, consider the system for which 

FASE A oA, AM+1 
A?—1, A?+1, A 
A’, AS 4+ 2A, 2A?+1 

Here f(A) is of rank 2, and the first minors in | f(A) | have no common 
᾿ factor. The general solution contains one arbitrary function and no 
constituents of normal type, and may in fact be written 

νι = (Dt+ D? + 1)pid), 
Ys = — (D*—D¥—1) (0), 
Ys = — 2DyY(i). 
The differential operators are here respectively the cofactors of the 
elements in the first row of | f(D) |. 
As ἃ second illustration, take 
FfA=f-1, A*A2—1), A3(A2— 1) 
— 1, A(A?— 1) (A+ 1), A%(A?— 1) (A+1) 
A, λϑβ(λξ--Ἰ), A4(A2 — 1) 
This matrix is also of rank 2, but the first minors contain A(A?—~ 1) as 
@ common factor. The general solution is 


y, = 0, 
Yq = C+ 2cge*— Dyf(t), 
Ys --Ἐ Cy Ἐ6,6,- σεο ἐ-ἐγ(ὃ). 
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5-11. Construction of a Particular Integral. Suppose the 
differential equations to be f(D) z—&(t) = 0, and denote a particular 
integral as P(t). Then evidently we can choose 


F(D) 
= —1 a aa ote 
P(t) = f(D) Et) = Zp EO. el) 
‘The interpretation of this symbolic solution will now be considered. 
(a) Functions £(t) Exponential. A simple case frequently arising is 
where £(¢) can be represented over the range of ¢ under consideration | 
by a sum of the type E(t) = Zep 


The indices 6, and the columns of m constants p, may be real or complex. 
The part of the particular integral arising from the typical term of 
the series then is | 
_ F(D) . ΓΘ) 
P(t) = A(D) ep = 69 Aa)? δ νυν (2) 
This solution fails in the exceptional case where 0 is a root of A(A) = 0 
(e.g. resonant forced oscillations of an undamped dynamical system). 
Suppose 6 = A,, where for simplicity A, is assumed to be an unrepeated 
‘root of A(A) = 0. The equations of which a particular integral is 
required are now f(D) x = ep. 
Assume P(t) = W,(t,A,)6, where W, is the matrix defined in ὃ 5-7, and 
b is a column of constants left free for choice. On substitution of this 
value for P(t) in (3) and application of (5-7-1), we obtain the condition 
p | 
= 5.5: 
— A(A,) + tA(A,) - 
Now A(A,) = 0, but since A, is here assumed not repeated A(A,) +0. 
(1) | 
Hence b = p/A(A,). The particular integral sought is accordingly 


λέ « 
P(t) = Gs — LFA) +4F)]p- 
A(A,) 
; ., CHF (A) ; ; ; : 
Since by (2), AO) p satisfies the differential equations 


᾿ f(D) z—e%p = 0, 
it follows by differentiation with respect to that the particular integral | 
of the equations | f(D) x—ttep = 0 | | 


‘is P(t) = 


δι eFC) - (8 7a 
062) A(@) 


apt A) p- 
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(6) Functions £(t) General. When the functions £(t) are general, the 
usual procedure is to make use of certain expansions in partial fractions. 
For example, if the roots A, are all distinct, we can use the simple 
identity 


and express (1) as 
| ] 


Pe = F(D) Σ π΄  ξ(). 
“~ A(A,) (D—A,) 
The αν ναϊοὶ integral given by pee method is thus 


P(t) = F(D) = τῇ ἢ eM EC) αι. re (4) 
A(A,)~ * | 


The lower limit of integration gives rise to terms which can be included 

in the complementary function, and it is often omitted for convenience. 
When repeated roots of A(A) = 0 occur, the part of the expression 

for 1 [/A(D) i in alae fractions arising from a root A, of multiplicity 8 

is of the form > DAK , where the quantities a are constants which 

q=1 
are readily found by the usual methods. The corresponding terms of 
the particular integral are then 


Σ ας F(D) ελφαρ-λήξᾳ(), 


where 06 denotes q coun integrations with respect to f. 

Another possible treatment is to express the complete operator 
F(D)/A(D) in partial fractions. In the special case where the degree 
in D of F(D) does not exceed that of A(D), the operational form of the 
expansion corresponding to (5-9-4) can conveniently be used for this 
purpose. This yields 


FO n FF D 
P(t) “a0 : a B+ ae ὼ paz he. 
But τ ἘΞ 5-χ, 8 - = δλε(1 -Ελ, 6) e—r#E(2) 
= E(t) Ἐλ,θλη [ eME(t)dt, .... .() 
so that 


Ριὴ = ΤΟ) gy 4 Em +E a F(A) ᾿ e- ME (t) dt. 
An EL AQ) A(A,) 


5.11 PARTICULAR INTEGRALS | .18δ 
If (5-9-4) is applied to evaluate ae equation (6) can be written 


F (co) 


P= Toft Eo FAY | MEAL. orn) 


As a particular application of (7) suppose £(é) = e%p. Then 

n tt) __ edt-t) 
iy pt ee a P(A.) Pe ««ο.ος (8) 
| (0 —A,) A(A,) 

The terms involving e* may be included under the complementary 
function and therefore omitted from (8). The particular integral can 
then, with a little reduction, be identified with (2). However, with 
regard to (8) and the more general formula (7), it may be noted that if 
(as normally) the degree in D of F(D) is less than that of A(D), then 
F(co)/A(co) = 0. In this case the particular integral as given has the 
convenient property that P(t) = 0. 


P(t) = ef 


CHAPTER VI 


LINEAR ORDINARY DIFFERENTIAL EQUATIONS 
WITH CONSTANT COEFFICIENTS (continued) 


Part I. BouNDARY PROBLEMS 


6°1. Preliminary Remarks. In Chapter v it has been shown 
that the general solution of a system of linear differential equations 
f(D)x—£ = 0 in m dependent variables contains n arbitrary constants, 
where x is the degree in A of the determinant A(A) =| f(A) |. We shall 
now consider the question as to how the values of these constants are 
to be determined in order that the solution may satisfy any assigned 
supplementary conditions.* 

A “supplementary” or “boundary”’ condition usually consists of a 
linear relation connecting the values of the dependent variables z, and 
possibly their derivatives up to a certain order, at one or more given 
points ἐρ» ¢,, etc. of the range of variation of ¢. The problem is said to 
be ἃ one-point boundary problem, a two-point boundary problem, and 
so on, according to the number of different points f, t,, etc. concerned. 
Attention will here be restricted to one-point and two-point boundary 
problems. 

EXAMPLES 


(i) Simple One-Point and Two-Point Boundary Problems. If the 
differential equations are 
oe 17D+6, 7D?-9D+ ‘| is = 0, νον (1) 
1 7D?+D+10, 3D?~D+4] [2 
the general solution, which involves four arbitrary constants, is 
{w,(é), %q(t)} = cye{1, —3}+c,e-{1, —2}+c,e*{7, — 20} +c,e%{8, — 21}. 
If the values of x,, x, and of their first derivatives z,, ὧ at say t = 0 are 
_ assigned, we have a simple one-point boundary problem; whereas if 
the values of z,, ἂς at ¢ = 0 and ¢ = | are given, we have a two-point 
boundary problem. In either case the four constants of integration 
Cy, Cg, Cg, Cg ATO UNiquely determinable. 
* The differential equations, considered in conjunction with the supplementary con- 


ditions, are sometimes referred to as a “linear differential system”. The differential equa- 
tions themselves are then spoken of as the “system of linear differential equations’”’. 
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(ii) General One-Point Boundary Problems. The supplementary 
conditions are not always of the simple form given in example (i). As 
an illustration of a rather more general class of one-point boundary 
problem we may suppose the differential equations to be (1) and the 
supplementary conditions to be 

3 (ty) — 2%; (Eo) — M(to) = 7, 
2x (to) + 2 ,({9) + allo) = 5 

(tq) — 22 (to) — ϑΖε((ρ) — 2υχ(ίρ) = — 1, 
(to) + 2 α( 9) + Za(to) = 6. 

It is of course possible here to solve these algebraic equations and 
to derive explicitly the initial values of x,, 7, 21, ¥,. The problem is then 
reduced to the simple type already considered in example (i). However, 
this process, which amounts to a conversion of a given set of boundary 
conditions to an equivalent simpler set, may not always be convenient. 
It is sometimes preferable to deal directly with the boundary con- 
ditions in their original form. To express (2) concisely, we introduce 
the symbol D, to mean the differential operator 


ad ([d 
Doma" (ii). 


The conditions can then be written as 


3D,-2, --ἢ ai(t)] =P 7. ......(8) 
2, 2Dotl ie 5 

Dy—2, —3Dy—2 -} 
1, 2}9,.τ1|Ι 6 


With ‘a more general one-point boundary problem the elements of the 
(4, 2) matrix on the left of (3) would be replaced by given polynomials 

in D,; and a given column would be assigned on the right. Methods of 
solution with the aad conditions in the unreduced form are 
given in § 6-4. 


6:2. Characteristic Numbers. In §6-1 it was assumed that the 
number of the supplementary conditions exactly equals the number n 
of the free constants in the general solution. It was also tacitly assumed 
that in such cases the values of those constants would be uniquely 
determinable. However, if the differential equations themselves con- 
tain one or more variable parameters, free for choice, it may be possible, 
for particular values of these parameters, to obtain solutions in which 
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all the free constants are not uniquely fixed, even though just πη supple- 
mentary conditions are assigned. Alternatively, it may be possible— 
for special values of the parameters—to satisfy more than n supple- 
mentary conditions. The study of these particular values, which are 
known as characteristic numbers, is of fundamental importance in many 
physical applications, such as the determination of the natural fre- 
quencies of vibration of dynamical systems. 


EXAMPLE 


Consider the transverse oscillations of a string stretched between the 
points y = 0 and y =/. Let » denote the mass per unit length of the 
stretched string and 7 the tension: then the transverse displacement 
2 at any time ¢ satisfies the differential equation 

Oz 052 
δι BER? 
where a? = a Τ. Now assume a free vibration of the string to be 
z= Zsinut, wherew is a parameter left free for choice and Z is a func- 
tion of y only which satisfies the equation 
Gat (ww)? Z = oO | “2... 
and the two Rene ee Pid conditions Z=0 at y=0 and y = 1. 
The general solution of (1), which contains two arbitrary constants, is 
Z = οχοΐαων + 6, 6. ἴσων 
and the supplementary conditions require that — 
Cy +C, = 0, 
c,e%a + ¢,e-tawl — (), | 
In seta the only solution of equations (2) is c, = c, = 0. However, 
in the present case w is free for choice, and whenever it is a root of 
sin (awl) = 0, equations (2) are satisfied provided c, = —c,. The char- 
acteristic numbers ὦ are accordingly 7r/al, 27/al, etc., and the solution 
corresponding to the rth of these numbers is Z = csin (ry/l), where ὁ 
is ἃ free constant. | 


6°3. Notation for One-Point Boundary Problems. Attention 
will here be restricted to the type of boundary problem in which no free 
parameters occur in the differential equations and the number of the 
assigned conditions exactly equals the number of the free constants 
in the general solution. 
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The simplest, and normal, type of problem is where the differential 
equations are of order N and the determinantal equation A(A) = 0 
has Nm roots, so that n = Nm. In a one-point boundary problem it is 
then usual to have assigned the initial values of the m variables z and 
of their derivatives up to, and including, the order N — 1. The problem 
will be said to be of standard type when the differential equations and 
the boundary conditions have the foregoing special features. — 

In the general one-point boundary problem the assigned conditions 
consist of n independent linear combinations of the values at ¢ = ἐρ of 
the dependent variables x, and (or) of the derivatives of these variables 
up to a given order 8. Such a general set of n conditions may be repre- 
sented by (see example (ii) of ὃ 6-1) 


P(Do) H(to) = [ Pr(Po): $19(Do); +++» Pim(Do) | [ %a(to) | = | Pr |. 
φ..(1),), Paa(Do): ---» Pam(Po) | | Valeo) ®, 


PnilDo)s Pna(Do): ...» Pnm(Do) | L& mito) ®,, 
~ eels ] 

The (7, m) matrix ¢(D,) has for elements polynomials* of D, of degree 
8 at most, while ®,, ®,, etc. are given constants. 

The set of conditions (1) may be expressed alternatively as 

(By Dj +B, D§1+...+ B,1Do+ B,)x(to) = 2, — 

in which 80, B,, etc. are (%,m) matrices of given constants. Such a set 
of boundary conditions may conveniently be referred to as being of 
_ order 8. If > N —1, it is clearly always possible to reduce the order of 
the supplementary conditions to N—1 by successive substitutions 
from the differential equations. | 

When the problem is of standard type ¢(D,) is an (Nm, m) matrix, 
which can be partitioned into square matrices of order m and con- 
veniently represented by | 


$(Do) = {Ip In Dyy ey Ip DB sees (2) 
In §6-4 a direct solution of the differential equations will be 
obtained which is applicable to the general one-point boundary 
problem. When the problem is of standard type a special form of 
the solution can be used which is often more convenient than the 
direct solution (see §§ 6-5 and 6-6). , 
* In connection with boundary problems of this general type it is important to observe — 


that the choice of the polynomials ¢,,(D,) and of the constants ®, is not altogether unre- 
stricted. The boundary conditions must be compatible with the differential equations. 
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EXAMPLES 
(a) Problems of Standard Type 
(i) Single Differential Equation. If the given differential equation is 
Dx +p,D"*'x+...+9,2% = E(t), | 
then m = 1 and N = n. Hence (1) and (2) give 
$(Dp) (to) = {1, Dp, ..., D8} (ty) = {Φ,, Dy, ..., O,}. 


(ii) Linear Dynamical Equations of Lagrangian Type (see example 
(ii) of ὃ 5-5). If there are m generalised coordinates 4, then N = 2 and 
n= 2m. Hence, assuming given initial values ® for the sets of 
quantities g and g, we have 


P(Do) Q(t) = Voss TnDo} Q(t) = 
(ὁ) Problems of General Type 


| (ἢ) A System of Fourth Order. Consider the homogeneous equations 


f(D)x= a ee tl=O asa (3) 
| D ᾿ μ.-- | ial 

Here m = 2 and N = 4: but A(A) = A?—A-2, so that n = 2(+mN). 
Only two boundary conditions can be assigned in this case, and the 
problem is not of standard type. The simplest set of supplementary 
conditions here would be 2,(¢)) = ®, and 2,(é)) = ®,, corresponding 
to ¢(D,) = 1. For a standard problem with m = 2 and N = 4, we 
should require n = 2x 4 = 8, and the values of z and of its first seven 
derivatives at ¢ = ἐρ would be assigned. 


(iv) Change of Order of Boundary Conditions. The formulae of § 5-9 
can be applied to change the order of a set of one-point boundary con- 
ditions ¢(D,) x(t)) = ®. In (5-9-8) write ¢ for G, t, for t, D, for D: then 


® = (Dy)a(t) = Σ IO 4, a) 0S) 


= Zack E(t), “στ... (4) 


where C,= φ(λ,) F(A,); A(X). Since f(D,) — τον is exactly divisible by 
Dy—A, and the quotient is of degree N —1 in Dg, the given boundary 
conditions ¢ are expressed by (4) as an equivalent set of order N — 1. 
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For example, let the differential equations be (3). Here A, = 2 and 
A, = — 1, and it is readily verified that (4) yields the relation 


$(Do) x(to) = $9(2) {15, — 4} [—-Dy— 1, — Dj — Dg] x(to) | 
—$d(—1) (0, -- 1} -- . + 2, — D3 + 212] x(ty). «....- (5) 


‘With equations (3) only two supplementary conditions can be assigned. 
If the order of these exceeds 3, they are reducible by (5) to an equivalent 
pair of order 3. Suppose, however, that the given conditions are simply 
24(to) = Φ, and 2,(t)) = ®,, corresponding to ¢(Dy) = J,. Equation (5) 
would then lead to an increase in order of the boundary conditions. 
Thus, with ¢ = 1 in (5), we obtain at ¢ = ty 

{21,22} = ἐπ, — 4} (— Dot, — 2, — Dx, — Dox) 
| | — ${0, —1}(— Dox, + 2x, — Doz, + 2D5%), 
or 5Do%1 + 62, + 5D§ 2%, + δας = ἢ 
It is an instructive exercise to show that these equations are a necessary 
consequence of the differential equations (3). As already explained in 
§ 5-9, equation (5-9-8) is not an identity unless the quotient Q is absent — 
in (5-9-2). In the present example such a quotient would arise because 


the degree in D of F(D) exceeds that of A(D): and it would actually 
give rise on the right-hand side of (5) to an additional term | 


ager +3, μὰ so D3 + 2Di— ‘ BU Ne sesaees (7) 
—1, 60 D3, D-1 J | 


The relation (5), as thus modified, would have been an identity for 
all values of x. On the other hand, the matrix product (7) contains — 
f(Do) x(t) a8 its last two factors, and this is null by (3): for this reason 
the product is omitted from (5). The conditions that the fully expanded 
product (7) shall be null are precisely the equations (6). 


6.4. Direct Solution of the General One-Point Boundary 
Problem. Before obtaining the direct solution in its most general 
form, we shall consider a simple case. Suppose the differential equations 
to be given by Ag+ Bg+Cq =0, 
representing the small free motions of a dynamical system with m 
‘ generalised coordinates g. Let the n( = 2m) roots A, of 


A(A) =| AA?+ ΒλῈ 6] =0 
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be all distinct, and let the values g(t), g(t.) be assigned. Now the 
most general solution of the foregoing equations is expressible as 


q(t) = Μὴ ο, ees (1) 


where ἢ and Μ are as defined in § 5-10, and c is a column of n arbitrary 
constants. Moreover, since in the present case the roots A, are assumed 
to be all distinct, the (m,n) modal matrix k contains only constant 
elements. 

On differentiation with respect to ¢, equation (1) gives 


g(t) = kAM(t)c, , 
where A is the diagonal matrix of the roots A,. Hence when ¢ = ἐρ we 
have q(f) = kM(t,)c and g(t.) = KAM(t,)c. These two relations can be 
combined into the single matrix equation 

{9(to), G(to)} = 1M (ty) , ttt (2) 


where 1 is the square matrix of order n defined by 


l= ΒΕ kin 
Kenn 


Solution of (2) for c yields 
¢ = M(—ty)l-{g(é), ἀ()}}, 
_ and substitution of this value for ὁ in (1) gives the direct solution | 


q(t) = kM (t ~ ty) I-a(to), G(to)}. 


The corresponding solution for a non-homogeneous system of general 
order, and for a general one-point boundary problem, can be obtained 
by a similar method. Assume the equations to be 


f(D) x(t) — E(t) = 0, a yee (3) 
and let the boundary conditions be | 
o(Dp) (to) = anaes (4) 


The general. solution may be written 
w(t) = k(t) M(t)co+ Pt), 694ῥΡ «νος (5) 
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The first term on the right is the complementary function obtained in 
§5-10, while P(é) denotes any particular integral as found by the 
methods of § 5-11. On premultiplication of both sides of (5) by #(D) 
it is readily proved that 


o(D) x(t) = Ut) M(t)e+ p(D) Pe), “5.066 
where {({) is the square matrix of order ἢ 


Ut) =P L(t), ἰχα(), sons Lalf)|], 6ὀΦΝΦ seeeee (7) 
las(t), ἰκο(), 9494} ty, (ἢ) | 


Soeeeeseeeesesoseeseeeseeos 


L(t), ἶ αἰ), cosy Lan (t) 
the sth column of which is given by 
{{ω(}} = φίλ, + D) (δ μ(ἢ)}. 


In (6), which is true for all values of ¢, substitute ¢ = ἐρ and premultiply 
throughout by M(—1#,)i-1(é)). Then using (4), we obtain 


ὁ = M(—ty) Eto) Φ -- M(—ty) ΕΠ (ὦ) $(Do) Plt). ------(8) 
Substitution of this value for ὁ in (5) yields the direct matrix solution* 
x(t) = b(t) M(t —ty) E> (ég) (ὦ — (Do) P(to)} + P(t). ...... (9) 


A more symmetrical equivalent is 
aft) — P(t) = b(t) M(t—ty) E(tq) (Dp) {alte) — Plto)}- ---(10) 
When the boundary problem is of standard type,} so that ¢(Dp) has 
the special form (6-3-2), the matrix / is expressible in the partitioned 
form 
Ut) = k,(d), k,(t), 4293 k,(t) ’ 
(Ay+D) k(t), (Ag+ D)ky(t), ....ὄ (An+D) alt) 


SOS SSS ASSSSSSSHERSSHESEHRSEEHESESOSHSCHOSEEHEESHOCSESEHOHESSTHHHTFEE 


where each element is ἃ column matrix. If further the roots of A(A) = 0 
are all distinct, the elements J,,(t) are all constants, and the brackets 


* Other forms of this solution can be obtained by replacing k(t) by Κί(έ -- τ), where τ is 
arbitrary, and defining the matrix Uf) to correspond (see remarks following equation 
(5°10°1)). | 

+ For an alternative method of solution for problems of standard type see § 6-5. 
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indicating the dependence of these coefficients on ὁ can be omitted. 
The formula (11) then reduces to 


a rs a ee (12) 
Arka, Aghgy «οὐ, Apln 


Seeseeceeeseeoeoseseeseeazuseevoesese2@ 


AY Mey, AYA, οι, ANA 


_ Exampuzs 
(i) A ce of Fourth Order. Consider the ore equations 


(0:9) f(D) x= i ate ἢ i = 0. 
? "" ᾿ ᾿ 


Here, with A, = 2 and A, = — 
F(a,) = 15 -- = | [1, -- 1); 


- 4 4 —4 
seg Fe te 
᾽ν" Μὲ 


If the initial conditions are x, = D, anda, = ᾧ, att, = 0, corresponding 
to ¢(D,) = 1... then by (7) 1 = k and 


ila | 15 "= —+f-1 ἡ 
τὰ as a - 4 15 


Hence the solution is 


eA alle dle all 
4 —-1}10 e+ 4 15j)1® 
(ii) Lanear Dynamical Equations of Lagrangian Type. If the values 
at t = ρ of the m generalised coordinates g and of the m generalised 
velocities ¢ are assigned, then : 
Do) = {Liar Ln Do} - 
a ee $(Do) = {nv Lm Po} 
L(t) = k(t), k(t), bss k,, (ἢ | 
(A, +D) k(t), (A, + D) k(t), one (A, +D) k(t) 
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(iii) A Modified Form of the Direct Solution. If the value of ὁ 
given by (8) is introduced in (6) instead of in (5), the result is 
(D) x(t) = ἢ M(t—ty) 10) {Φ — $(Do) P(to)} + PP) PO), 
which, on premultiplication by [-4(t) and rearrangement, gives 
E(t) 6(D) {a(t) — P(t)} = M(t—to) Γ (0) $(Do) (α (0) — P el τὶ 
Now choose as new dependent variables the set of n functions α() 
sie a(t) = F(t) $(D) x(t), 
and put A(t) = Κὸ (DP) PO). 
Then the solution (13) is expressible in the simple form 
a(t) — B(t) = M(t—ty) ἰα(ἐρ) — Alto) }- 
In the case of the Lagrangian equations considered in example (11) 
z= qand ¢(D) = (1.,. £,D}: hence 
a(t) = F(t) {a(t), ἀ()}, 
At) = τα {PO), PO}. 
In dynamical applications considered in Chapter x1 the quantities «(t) 


are referred to as the reducing variables, since by the choice of these 
variables the equations of motion are reduced to a simple diagonal form. 


6.5. Special Solution for Standard One-Point Boundary 
Problems. In numerical applications of the direct matrix solution 
the principal difficulty lies in the calculation of the inverse matrix 
I-1(t,). When the differential equations and the boundary conditions 
are of standard type, the direct inversion of this matrix can be avoided 
by an alternative method of solution, which will be referred to as the 
special form of solution. The intial conditions in this case are expressed 


b 

y (Dy) £(to) = {Lous Ln Dos +++ In DE} Hltp) =D, veers (1) 
and if the roots of A(A) = 0 are all distinct (as will here be assumed) 
the special solution 18 


% pAslt—t) Ves . 
x(t) — PU) = Σ τ FA) LOI SEN fay) — Pl} 
r=" A(A,) il re (2) 


Since [f(D,) —f(A,)]/ (Dy—A,) is ἃ polynomial of degree N-1 Ἢ Dy, the | 


initial values required for an application of (2) will all be known. 
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To prove the formula, assume a column of m quantities y(t) to be 
defined by the relation 


π prs = 
γ()-- PQ) = FA) LOL fata) — P(e) 
za] Δί A,) 0 : 


in which P(t) = 575 &(t). The right-hand side of (3) is identical with 


that of (2). Now, since every column of the matrix et F(A,) is anni- 
hilated by the operator f(D), it follows that 


f(D) y(t) a E(t) = E(t). 


Hence the functions y(t) satisfy the given differential equations. Next, 


premultiply both sides of (3) by the operator 4(D) and after differen- 
tiation put ¢ = ἐρ. The result can be expressed as 


_ 2 OLf(Dy)—fA,)] 
P(Do) y(to) = Σ Doma hte) 


P(Do) FD) 4) 3 
ΤΟ ΔΩ) 5 (to) 2 D,— 1, bite); re (4) 


where Οἱ = ¢(A,) F(A)/A(A,). But by (6-3-4) the right-hand side of (4) 
is equal to ¢(Dy) x(t), or to ®. Hence the functions y(t) satisfy the 
required boundary conditions. This establishes (2). 

With a problem of standard type the degree of F(A) in A is less* than 
that of A(A). Hence a convenient form for the particular integral such 
that P(t.) = 0 is (see (5-11-7)) 


P= z ὧν F(A,) | : 6. λεί g(t) Gi . udeaye (5) 


If, further, we write F(A,) = kx, and 
f(D) = AyD +A,D*-14....4Ay_,D+An, 
the special solution may be expressed as | 


n k | 
x(t)— P(t) = Σ “er [4.Ἀ ΠῚ + AAR? +... 4Ay_y, ++, AgA,+Ay, Ag] 
a A 


x {a(to), DoX(ty), .... DN x(ty)} ολτῳ, ον... (6) 


* Since f(A) F(A) =A(A)J and f(A) is of degree N, while A(A) is of degree n = mX, it follows 
that F(A) has degree N(m ~ 1). 
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The special solution, when applied to homogeneous equations, is 
essentially the same as the “method of isolation” given by Routh.* 
In 86:9 it will be shown that (2) is also the matrix equivalent of the 
well-known solution obtained by Heaviside and others by operational 
methods. 

EXAMPLES 

(i) Single Homogeneous Equation of Ordern. Let the given differential 
equation be 0) = (AyD™+A,D™1+...+Aq)@ = 0. 

In this case A(A) = f(A) and the “adjoint” F(A) = 1. Hence (6) gives 


a(t) = z oe [A At 4+ AAR—2 4+... +Ag ay +++» AoA +A 4,41 
fA) | x {χ([0), Dot(to), ---» D1 2(ty)}- 


(ii) Linear Dynamical Equations of Lagrangian Type. If there are 
m generalised coordinates q and if f(D) = AD*+ BD+C, the formula 
(6) gives 


am i K. 
a(t)— P(t) = Σ ΤΣ (AA, +B, A] falt), Hed} eM. 


A(A,) 
(iii) Various Identities. When the roots of A(A) = 0 are all distinct and 
P(t) = 0 the direct solution (6-4: 10) equivalent to the special solution is 
a(t) — P(t) = kM (t—ty) I {x(to), Dox(to), .... Do’ “La(ta)}, «650. (7) 
in which 1 is given by (6-4:12). Comparison of (6) and (7) yields the 
identity | | 
eM (ttt = Σ AO) pay ay 4 A aN tA 
| mm A(A,) Agd, + Ay Apter. eee (8) 
Expanding the exponentials on both sides of (8) and identifying the 
terms involving the different powers of t — t), we can deduce that 
k[Tyia,) oOo . 0 | | 


0 wWlrA) .. 0 


΄’“φφῳοόοοουνυσονσνοονσνοφουοφουοσονφοόϑθηϑθνυ 


= Σ zs) [A AN -*+ wee ἘΜ Ν..».... Α4,λ,Ὲ4,, Agly(A,), 

| TAA) ......(9) 
in which (A) is any polynomial of A. 

| * See Chap. vi of Ref. 13. 
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6.6. Confluent Form of the Special Solution. We shall next 
indicate briefly the modifications to the special form of solution due to 
the presence of a set of s roots equal to A,. For simplicity the discussion — 
will be restricted to homogeneous πονεῖν 

As for (5-9-5), write A(A) = (A—A,)* Δ,(λ), and denote by Καὶ the family 


of matrices 1 [at ολίτῳ F(A) 
ε(ἰ τ ρ» dad - 4] OAs AA) tei 


for 1+=1,2,...,8. Then it can be shown that the contribution to the 
special solution arising from the set of 8 equal roots is given by the 


column 3 
y(t) -- Σ Vt = lo, A,) OD Q> A,) x(t); Sesee8 (2) 


where #, is as defined by (5-9-11). 
To prove this result, we note firstly that, as for the family of matrices 
W(t, A,) defined in ὃ 5-7, every column of every matrix of the family J, 
_ satisfies the differential equations f(D) z(t) = 0. Hence y(t) satisfies the 
same differential equations. Again, premultiplication of (2) by ¢(D) 
yields | 
oe se 05-  ολί(-ἰρ) et) F(A) 
P(D) y(t) = mie! OAs Δ Ιλ) (A) 

1 Ost ρολ( ἰῷ d(A) FQ) 

= 2% = das AA) 


so that, when ¢ = f,, 


goer 0» A,) £(to) 


1] fee 3,(Do, A,) x(t), 


8 o8-t D(A) FIA 
P(Do) y(t) = ΡΣ = OAs—t a | ie 


On application of (5-9-8) and (5-9-12) with £ = 0, @=¢, t= ty, and 
D = Da, it is now easy to verify that the functions y(t) given by (2) 
correctly contribute to the satisfaction of the boundary conditions. 


δι 0» A.) a(ty). 


EXAMPLE 


Lagrangian Equations of Motion of a Linear Conservative System. 
The Sy neicel equations i in this case are of the special type 


f(D) q=(AD*+F)gq=0, une (3) 
in which A and # are both symmetrical matrices. 


It will be shown in ὃ 9-9 that for such a system, if A(A) = 0 has s roots 
equal to A,, then the corresponding derived adjoint matrices up to and 
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including FQ) are all null. πρευειὴν (see (1)), VAt—te A,) = 
+> 1, while 

’ O81 eA) F(A) 
μ(- τ» A.) = τ ls—1 | a λε-ἰ Δ,ί A) λαλ, 


a 
1A,(A,) 
Moreover, putting ¢ = 1 in (5-9-11), and using (3), we find 


94(Dy Ay) (9) oe) ie ft oe g(t) = A{Agq(te) + 4(to)}- 


The special solution is tw 

g(t) = = ne mit amar Aalto) +460}, sesees (4) 
where ᾿ denotes summation for all destenci values of ties roots of 
A(A) = : | 


It is ᾿ be noted that with the present system of ΜΉΤ Ν the 
matrices W,(t, A,) appropriate to oe oe A, (see ὃ 5-7) are all null with | 


the exception of W,_,(t,A,)= =eMF (A) , 80 that the corresponding 8 

constituent solutions are all obtained from W,_,. The modal columns 

are thus independent of ἐ, even when multiple roots occur. The derived 
(e—1) 

adjoint matrix F(A) will here be of rank s, and will be expressible as 

ἢ matrix product of the ἐδ 


F(A) = Ke(A,) «(A,); 
where k(A,) is an (72, 8) matrix with s linearly independent columns, 
which can be taken to be the modal columns appropriate to the roots 
A,, and x(A,) is an (é,m) matrix with 8 linearly independent rows. 
As a numerical illustration suppose 
ΤᾺ = [3242+48, —16A%, 4A? 1, 
—16A2, 32A2+48, 4λ3 
422, 402, 11A2+12 
and for simplicity take ἐρ = 0. Then | 
A(A) = 3 x 48%(A2+ 1)2(A?+ 4) 
and F(A) = 48(A24+1)[7A2+12, 403, --ἀλβ 
402, Πλ5- 12, —4A3 
—4,2, —4A?, 16λ3- 48 
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Denoting the roots of A(A) = 0 as A, = Ag=+t,Ag=4+25,A, =A, = 4, 
ἃς = — 2s, we have A,(A,) = — 36 x 48 and A,(A3) = 108 x 48%s, while 
FQ) =2x48. 5-4 4 
—~4 6 4 
4 4 32 
and F(A,;) =—3x48f—16 —16 16]. 
—-16 -16 16 
16 16 —16 


The required solution, on cancellation of some numerical factors, is thus 


a(t) = tet ὅ πά 4 82 --16 4] {ig(0) +4(0)} 
x48/-4 δ᾽ 4{/-16 32 4 
4 4 32), 4 411 
MT] - 1 32 —16 4] {2i9(0)-+4(0)} 
+ —— 
108] -Ἰ —1 I1//-16 32 4 | 


1 1-1 4 4 ll | 
| | +the corresponding conjugates. 
This reduces to | ; | | 
Qt) =${ 5 --4 17] {9(0)cost+9(0)sin?} 
—-4 6 1} 
4 4 8 
+dsf 4 4 —1]{29(0) cos 2¢+4(0) ain 28}. 
4 4-4] 
- 4 --4 1 


(1) ; 
Note that F(A,) is expressible as the matrix product 


961 e atk at 
—4 6/10 1 
4 4 


6.7." Notation and Direct Solution for Two-Point Boun- 
dary Problems. 


(a) Notation. In the case of a two-point boundary problem the 
supplementary conditions consist of ἢ independent linear relations 
connecting the values at two points t = ἐρ and ¢ = ¢, of the m variables 
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a and of their derivatives up to order s. Such a set of relations may be 


denoted b 
ONT + Da) xlbe)+VAD)xh) =O, sare ω 
where D,= a). and D,= (z),. and ¢, y are (7,m) matrices of 


polynomials in their respective operators. 

Suppose, for example, the differential equations to be of second order, 
and let there be n = 2m roots A. Then if the values of the m variables 
z at both ¢ = ¢ and ¢ = ἐ; are assigned, we have $(Do) = tn» 0} and 
WD,) = {0, Ip}: 


(δ) Direct Matrix Solution. The treatment follows the same lines 
as for the one-point boundary problem (see § 6-4). Thus commencing 
with the general solution (6-4-5) we construct equation (6-4- 6) 88 
before, and the additional relation 

yr(D) a(t) = Ut) M (t)e+¥(D) Plt), = «οὐ (2) 
in which U(¢) is a square matrix of order n, similar to [(¢) but having for 
its sth col 
ee {laa} = (Aa + D) {halt} 

Substituting ¢ = ἐρ in (6-4-6) and ¢ = ὦ, in (2) and adding, we obtain 

D = $(Dp) t(to) + (Dy) (ἢ) : 

τος = [Utp) M(t) + Ue) Mh) e+ $(Dy ) Plt) +¥(D, ) P(t). 
This yields 

c= ΧΦ -- LX p(Do) P(t) +Y(D,) Plt}, -..... (3) 
where L denotes the square matrix of order n 

Dt ty) = Uty) M (ty) + Ut.) M(t). 

Substitution of the value for c given by (3) in (6-4-5) yields the 
solution | | | 


«(ἢ = Κῶ Μ L-{@— G(Dp) P(t) —W(D,) P(t)} + P(t). ooo0-(4) 
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Part II. Systems or First ORDER 


6.8. Preliminary Remarks. The case where the differential 
equations are of first order is of particular importance not only on 
account of its comparative simplicity but also because special methods 
can be used which are not directly applicable to systems of higher 
order. Further, as shown in § 5-5, a system of general order can always 
be converted into a system of first order by a suitable choice of new 
variables. 

The general first-order system in n dependent variables ¥,, Yo, -.-, Yn 


will be written | f(D) y=(vD—u)y = 116), , ee (1) 


where v and τ are square matrices of order n having constant elements. 


It will be assumed throughout that the matrix v is not singular, and 
_ that consequently the determinantal equation A(A)=|vA—wu| = 0 
has n roots. If v were singular, say of rank r, then n —r of the equations 
(1) could be replaced by purely algebraic relations. These could be 
used to eliminate n—r of the variables y, and the system would then 
be reduced to one involving only r equations and having for the 
coefficient of D a non-singular matrix (compare ὃ 5:5). 

In the special case where vis the unit matrix, equation (1) simplifies to 


f(D) y=(ID-u)y = nf). ee (2) 
Such a system will be described as being of simple first-order form. 


A system of the type (1) is always reducible to the simple form by — 


premultiplication of the equation by v-. 

In equation (1) there are » dependent variables y, whereas in 
presenting the theory of differential equations of general order we 
assumed m variables x. It is useful to preserve this distinction in the 
notation because in actual applications it often happens that the 
first-order system for solution in the variables y is derived (by methods 
such as those described in ὃ 5-5) from a system of higher order but 
containing a fewer number m of variables x. The number of the new 
variables y will generally equal the degree n in A of the determinantal 
equation of the system of higher order. 

Attention will be restricted mainly to methods applicable to simple 
first-order systems. However, at the outset we shall apply the special 
method of solution given in § 6-5 to the general first-order system, and 
trace its connection with the method of Heaviside. _ 
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6.9. Special Solution of the General First-Order System, 
and its Connection with Heaviside’s Method. In the present 
application of (6°5°2) there are n dependent variables y and roots A, 
(assumed all distinct); moreover, f(D) = vD—u. Hence, if the form 
(6-5-5) is adopted for the particular integral, the special solution is 


ἢ pArlt—ty) | 
vt) = Σ GFA) [oyite) +0 { * ert (t) at}, -- (1) 
= AQ) ; 


We shall now briefly relate this solution to that obtained by Heavi- 
side and others.* The first rule in the application of Heaviside’s 
method to the solution of the system (vD— u)y τε is to treat D- 
temporarily as a constant, and to solve for ¥,, Ys, etc., the purely 
algebraic system of equations 


(wD —u)y = vDy(t,) +1). 
When expressed by matrices the result of this preliminary operation 


is clearly DFID | 
y= aD) ry (to) + uD mt). enw nee (2) 


The next step in the method is to reinstate the operational significance 
of D on the right-hand side of each of the equations contained in (2), 
and to expand the operators concerned in powers of D™ or Q, which 
is now interpreted to mean integration with respect to ¢ between the 
limits ¢, and ¢. To evaluate the results use is made of the identity 
(compare (5-9-4)) | 
MD) _ M0), 5 MA) Ρ "- 
τ aa :; οὐὐφοδα 
A(D) A(0) r= r, A(A,) D λ, | 
in which A(D) is ἃ typical polynomial in D of degree not exceeding 
that of A(D). | | 
So far as concerns its final outcome, this treatment is equivalent to 
a direct application to (2) of the two matrix expansions 


F(D)_F(0), & FA) 2 


ay 


A(D) = A(0) r=1 AACA) D—-2,’ 
DF(D) Τὰ D 
and = ᾿ . So eS 3 
A(D) r=1 ACA) D—-A, 


* See, for example, Refs. 16 and 17. 
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which are obvious deductions from (3).* When used in conjunction 
with (2), these ce yield 
ee ΓΟ = F 
y(t) = τῶ 9 4. [| FO, Σ iD 5 x mo. 
Σ  D- a a A(0) aa | A 
A(A,) A, Al 
Noting that D/(D—A,), when applied as an his to unity, yields 
e*t-4) (see (5°11-5) with £ = 1), and using (5-11-6), we derive the solution 


y(t) = De 


This agrees with ( mn since in (4) the form of particular integral adopted 
is such that P(t)) = 


EXAMPLE 


Special Solution of a System of Four Liquations. Suppose the 
differential equations to be 


3-2 0O-I]Dy-[ 33 20 18 T1y=[-2]e%, 

0 2 2 1 —24 -16 -9 -—9 0 

1 ~2 --38 -2 48 28 11 20] | 8 

0 12 1 —21 -14 --4 -11 -ἰὶ | 
ΕΟ (δ) 


with y = {1, 0,0, 0} at 4 = 0. Here 
f(A) = [8λ--38, —2A-20, —18, -—A-7 1, 
24, 2A+16, 2A+9, A+9 
A-43, —2A—28, —3A—11, —2A—20] 
| 21, A+ 14, 2A +4, A+11 
and on reduction | 
A(A) = A*— δλ3- 4 = (A?— 4) (λϑ-- 1). 
The roots are accordingly A = + 2 and + 1, and these give 


(1) (1) (1) (1) | 
A(2)= 12; A(—2)=—12; A(1)=—6; A(—1)=6. 
The corresponding adjoint matrices are found to be 
F(2) = 12{1, 0, —1, —1}[1, 2, 0, — 1], 
F(—2) = 12{1, —1, τοῦ, —1}[0, 1, 1, 1], 
F(1) = 6{1, 1, —2, —2}[—3, —2, 10, 18], 
F(—1) = 6{1, 1, —2, —3}[—3, —2, 9, 16]. 


* Note that with a first-order system the degree in D of DF(D) cannot exceed that of 
A(D).. | 
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Since vy(t,) = {3, 0, 1, 0}, the part of the special solution (1) independent 
of 4(¢) can be written down at once as 

8651, 0, —1, —I}+e-{—-1, 1, 1, I} +e{-1, -1, 2,2}. 


| e(3—A¥_ ] 
Next [- στ ἐγ dt = {—2, 0, 3, --) ὅς πα. 
—— after a little reduction 


Σ By FA) | nina 
AQ) 


= (—e¥+e¥){1, 0, —1, —1} + (0-4e¥—0-4e-*) {-1, 1, 1, 
+ (Ge¥— Get) {—1, —1, 2, 2} + (4-25e%— 4-25e~) (1,1, -- 2, — 3}. 
The required complete solution is accordingly 
y(t) = (4e#—e*) {1, ὁ, -- 1, — 1} + (0-6e-¥ + 0-4e¥) {—-1, 1, 1, 1} 
+ (— Bel + 963 {—1, —1, 2, 2}+ (—4:25e44 4-25e%) {1, 1, —2, — 3}. 
errr (6) 


6°10. Determinantal Equation, Adjoint Matrices, and 
Modal Columns for the Simple First-Order System. 

(a) Determinantal Equation. The determinantal equation corre- 
sponding to (6-8-2) is 

A(A) =| 1--ὶ A+ PAA 1. + Py 4λῈ, =, 

which is the characteristic equation of the matrix u. Moreover, the 
n roots A,, Ag, ..-,A,, are in this case the latent roots of u. Hence many 
of the results obtained in Chapter m1 bear intimately on the theory 
of the simple first-order system. 

(b) The Adjoint and Derived Matrices. The adjoint matrix corre- 
sponding to any simple latent root (say A,) is given by (see (3°8-9)) 

F(Ay) = (—1)™*F(Aa) f(a) ---F(An)- 

Farther, if A, = A, = ... = A,, then (see (3-8-10)) 


BFA) =(-1 Se ila Κλ, oe) 


where p<s—1. 
For general values of A, the adjoint matrix is given by the formulae 
(see (3:87) and (5-9-3)) 
F(A) = u™14 (A+-p,) U4... (AMT DAP t+ Pn) L 
ἃ AA FA) 


ἀρ oh ΩΣ 
(λ--λ,) A(A,) 
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(c) Matrices U,(t,A,) of ὃ 6:10 (8). The formula (1) can be used to 
derive expressions for the matrices O,, U,, U,, etc., which give the modal 
columns when repeated roots occur. If, as above, A, Tepresents a root 
of multiplicity 8 (so that A, = A, = ... = A,), then 


(-- 1ὴ»-»- " U,(t, As) 


= [ban Ba++ Epa) |yaorean, 
where T= f(sya) fags) fA) 
and p<s—1. 


(4) Modal Columns. The 8 modal columns appropriate to a set of s 
roots equal to A, are given by any 8 linearly independent columns of 
the set of matrices U), U,,...,U,_,. The typical modal column satisfies 


the relation . [ Ι D+ A,) τ μ] k(t) = 0, 
from which it follows that the modal matrix k(t) has the property 
ἀκ() | 


ΤῊ +k(t) A = uk(t), 


where A is the diagonal matrix of the latent roots. The last equation 


be writte | | 
can be written w= kit) Ak) +20 ἔτ ἢ. a. ‘ease -(2) 


_ In the particular case where the latent roots of u are all distinct, the 
modal matrix is independent of ¢, and (2) then gives the usual col- 
lineatory transformation wu = kAk—. 


6°11. General, Direct, and Special Solutions of the Simple 
First-Order System. _ | 


(a) General Solution. When the expression on the right of (6-10-2) is 
substituted for ~ in (6-8-2) the resulting equation can be written briefly 


dy 1,7 1-14, — 
On premultiplication by M(—t) k- this gives 

d 

Gf —1) ky} = M(—t)k-ty, 
and direct integration yields the general solution 


ἐ 
y(t) = k(t) Μα { 4 M ( —t) κα( δ η(ἢ a ἴω  atebuis (1) 
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. where c denotes a column of n arbitrary constants. It should be noted 
that the particular integral in (1) vanishes at ¢ = ἐρ. When the latent 
roots of u are all distinct an alternative form of the particular integral is 


P(t) = x *A) ἫΝ ελίηὴ. 6δδΟ anne (2) 
rt A(A,) 

(b) Direct Solution. The direct solution for general one-point and 
two-point boundary problems can be obtained from (6-4-10) and (6.7.4). 
When the values of y at ¢ = f, are assigned (standard one-point boun- 
dary problem) a convenient form of the direct solution is (compare (1)) 


u(t) = b(t) Me) {ME(—ty) kt) vt) + [ M-oin at) 


If, further, the latent roots of u are all distinct, the modal matrix will 
be constant, and its reciprocal can readily be calculated ue use of 
(3-8-12). 


(c) Special Solution (Standard One-Point Boundary Problem). The 
special solution appropriate to the case of distinct latent roots is at 
once deducible from (6-9-1). The formula can be written 


y(t) = Σ eM Ζρλη [να +e “erhgt) dt, on) 
πὰ (1) Ἶ 
in which Z,(A,) = F(A,)/A(A,) (gee also § 8:9). 


EXAMPLE 
Direct Solution. If the equations (6-9-5) are premultiplied by 
ΑΓ 1, 1,-2, -4], 


0, 1, 0, -1 
11, ἃ, 4 
2, 1, —6,—10 


the resultis Dy—[ 7, 4, 3, 2|y=] -- ει 
-8, —2, —5, 2 1 
--6,--4, 0, --4 δ 
-6,--4, 1,--ὅ —12 


The direct solution (3) of this simple first-order system will now be 
obtained for the initial conditions y = {1, 0, 0, 0} at t = 0. 
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The latent roots of u in this case are A = +2, +1, and 
A(2) = 12: F(2) = 12{1, 0, —1, —1}[3, 1, 2, 0}; 
A(l)=—6; F(l)= 6{1, 1, —2, —2}[1, 0, 2, -- 1]; 
A(-1)=6;  F(—1) = 6{1, 1, —2, —3}0, 0, 1, —1); 


A(~2)=—12; F(—2) = 12{1, -1, -1,-}3,1, 1,0). 


611 


Hence k= 1, dy. ἢ; 1; 
| 06, 1, 1-1 
ΒΞ ἘΣ ee es | 
[23 3.5... 1 
and by (3-8:12) ko = 3, 1, 2 0]. 
-l, 0,-2, 1 
0, 0, 1-1 
| ‘| —-1,-1,-1, 0 
The term independent of 7(é) in (3) is thus 
1, 1, 1, 1]ffe*%,0, 0, 0 3, 1, 2, 671 
0, 1, 1,-1]] 0,40, 0 |] -1, 0,-2, 10 
—1, —2,-—2,—1]] 0, 0,e~% 0 0, 0, 1,-1]/0] 
—1, —2, —3, -1}[ 0, 0, 0, e-*{L_-1,-1,-1, 010] 
| =f 1, 1 1 1 8]. ©... 
0, 1, 1-1] --οἰ 


—1,-2,-2,—1]] ὁ 
—1, —2, —3, —1]] —e-* 
To evaluate the particular integral, we note firstly that 
k(t) = {-—1, — 18, 17, — 2}e*. 
On premultiplication by M(—t) and integration 


| "μ(-ἢ κ-᾿η(ἢ dt = | {4 ~ 18e%, 17et, — 965 dt 


= {—e'+1, —9e%+9, 4-25e%— 4-25, — 0-4 + 0-4} 


— e+ et 

— — Ge + def 
4-25e% — 4-25e—* 
-- 0-4e* + 0.46.5 


Hence M(t) | "μι-ἢ 1 Ἰη() dt = 
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Addition of this column to the column postmultiplying & in (5) gives 
the complete solution 


y(t) = 1 1, 1, #1 4e% — eS 
0, 1, 1,-1 Se! — 968: 
—1, -- 3, —2, --1} —4-25e+4 4-25e" 
—1, —2, —3, —1]]| —0-6e-*—0-4e™ 
This agrees with (6-9-6). | 


6°12. Power Series Solution of Simple First-Order Systems. 
The great attractions of this method are its simplicity and the fact that 
it altogether avoids the generally troublesome problem of solution of 
the determinantal equation. On the other hand, in numerical applica- 
tions, the process often has the disadvantage of slow convergence. 

In § 2-7 it was shown that the matrix series ' 


ut 
i aan Ua 


is absolutely and uniformly convergent, and that De = ue“. It im- 
mediately follows that the complementary function of the differential 
equations (6-8-2) is given by y = ee (1) 


where c is a column of n arbitrary constants. 


To obtain a particular integral premultiply (6-8-2) by e- and write 


the result as D(e—“y) = e~“y(t). A particular integral which vanishes 


at ἐ = t, is accordingly t 
P(t) = et | ἐπ ἰη(ὴ dt. 
te 
This leads to the general solution 


t 
y(t) = en + [en a soho (2) 
Ina one-point boundary problem* where the values y(¢,) are assigned, 
we have | ; 
y(t) = evt-y(t,) +e { enn (t)dt. 6δὼΛ...... (3) 
te 


In particular if y(t) = e%p, the last equation yields 
y(t) = ey (ty) + e%( Le — ent) (OL, —U)~ p. 
The following identity, obtained by comparison of (3) and (6-11-3), 
may be noted: oy u(t—t,) = k(t) M(t—t) EM ty). eves (4) 
* The case of a.two-point boundary problem is dealt with in § 6-13. 
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EXAMPLE 


_ Computation of a Series Solution. As a very simple illustration of 
the method of computation, we assume the system to be 


y 1} 0, 1 Yi|> 

— 100, 0 
and take for initial conditions y, = 0 and y, = 10 at t, = 0. The exact 
solution in this case is evidently y, = sin 10¢ with y, = 10 cos 10¢: this 
will provide a comparison with the series solution. 


Applying (3), with η(ἐ) = 0, we have 
y(t) = e“{0, 10}, 


where , 5: 0, Ij. 
δ 
If ¢ = 0-01, 
sas is 0,0-01)+47-0-01, 0 71:30, hee 
0,1 By 0, ai rl 0 
+z'z[0-0001, 0 ἰὼ] 0, ἀρῶν 
0, 0-0001 — 00001, 0 


= 0-9950042, 0-0099833] . 
— 0°9983341, 0-9950042 


Hence y(0-01) = e%14f, 10} = {0-099833, 9950042}, 
y(0-02) = el" (0-01) = {0-198669, 9-800667}, 


and so on. The results of this iterative process may conveniently be 
summarised in tabular form as follows: 


0-01 0-02 0-03 0-04 0-05 


0-099833 0-198669 0-295519 | 0-389417 0-479424 
9-950042 9-800667 9-553367 9-210614 8-775831 


0:08 0-09 | 010 


0-564641 : 0:717354 0°783325 0°841469 
-8-253363 ᾿ : 6-967077 — 6216112 5-403037 


The results for ¢ = 0-1 agree to five figures with the values for sin 1-0 
and 10 cos 1-0 as given by standard Tables. 

As an alternative, a smaller interval might have san used at the 
_ outset. For instance, if τ 0-001, 
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er Olu ς- is ‘| 0, 7 ‘ae 0 
0,1} |—0-1,0 0, —0-0001 
ὉΠ ἰώ base 
0-00001, 0 
= 09999500, pipes, ° 
— 0:0999983, 0-9999500 
Forming the tenth power of this matrix, we obtain 
| elu = | 0-9950041, 0-00998357, 
| — 0°9983339, rene 
which agrees well with the value obtained above. 


The choice of step is a matter for judgment, and will depend largely 
upon the magnitudes of the elements of the matrix u. — | 


6.13." Power Series Solution of the Simple First-Order 
System for a Two-Point Boundary Problem. The solution of the 
simple first-order system in power series, given in ὃ 6.12, can be ex- 
tended to two-point boundary problems as follows. For simplicity 
assume the equations to be homogeneous (7 = 0) and let the assigned 
values be {yr (to); Ya(to), =o Yq(to)} and {Yora(t)s Yora(ty), “99 Yn(ty)} , Arrange 
the n dependent variables into the corresponding subsets | 

¥,={Yp 1009s} 
| Ys = {Ys419 sy Vat 
and express the matrix e“/—» in the partitioned form 
es to), Bit, ne 
: y(t, ty), d(t, to) 
where a, f, y, ὃ are, respectively, submatrices of types (8, 8), (5, τ - 8), 
(n—8, 8), (n—8,n—8). Then equation (6.12.8), with 7 = 0, gives 
| Y,(t) | Ξε ie to), Blt, ἮΙ Y, (to) | ΝΣ (1) 
Y,,—a(¢) y(t, ty), d(t, to) Y,,-a(to) 
so that, in particular 
Y,,a(ts) = Y(t, to) Volto) + δίδι £0) Yn—s(t0)- 
This yields Y,,-e(to) = δ᾽ Ἰ(,, to) {Σ,- (ἢ) — yh, to) Y,(¢o)}; play (2) 
which expresses the unknown set of values Y,,-s(f9) in terms of the 


known values Y,(é)) and Y,,_,(¢,). The solution required is then given 
by (1) in conjunction with (2). 


- CHAPTER VII 


| NUMERICAL SOLUTIONS OF LINEAR ORDINARY DIFFER- 
ENTIAL EQUATIONS WITH VARIABLE COEFFICIENTS 


71. Range of the Chapter. The general theory of linear ordinary 
differential equations with variable coefficients covers an immense field 
which is quite beyond the scope of this book. In the present chapter 
our principal purpose will be to indicate how matrices can be applied 
usefully in the approximate solution of such differential equations. 

Amongst the various special methods discussed, those described in 
§7-9 and exemplified in ὃ 7-10 are particularly powerful: one important 
field of application is to problems in mechanics which involve the 
determination of natural frequencies. The method of mean coefficients, 
described in ὃ 7-11, is somewhat laborious, but it leads to good approxi- 
mations even when the true solution is highly oscillatory. Examples 
of the use of this method are given in §§ 7-12—7-15. 


7-2, Existence Theorems and Singularities. Linear differ- 
ential equations with variable coefficients are rarely soluble by exact 
or elementary methods, and it is usually necessary to resort to numerical 
approximations. In a one-point boundary problem, for example, 
where the values of the dependent variable (or variables) and of the 
derivatives up to a certain order are specified at some datum point, say 
t = to, the normal procedure is to try a development of the solution in 
_ the form of a series of ascending powers of t—t,. It is obviously of great 
assistance to know beforehand whether such a form of solution is 
justified, and, if so, the range of convergence. This information is 
supplied by “existence theorems”, which specifically concern the 
conditions to be satisfied in order that solutions of differential equations 
may exist, and the ranges of validity of such.solutions.* 

In connection with any given linear differential equation, it is usual 
to describe as the singularities or the singular points those points for 
which the conditions necessary for the establishment of the relevant 
existence theorem are violated. All other points are ΒΟΟΣ referred 
to as ordinary points. 


* For a detailed discussion of these questions the reader should consult a standard work 
on differential equations, e.g. Ref. 5. For an elementary exposition Ref. 18 may be 
recommended. | 
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EXAMPLES 

(i) Single Homogeneous Linear Differential Equation of Order n. 

Let the given equation be 
do(t) Dra + Py(t) D® a+... + Φ,.. «(ἢ Da + Pall c= 
where D=d/dt. 

Suppose firstly that we are concerned with real quantities only 
(equation in real domain). Then the existence theorem for this equation 
states that if the coefficients ¢,(¢) are continuous functions of ¢ in the 
interval a<t<b, and ¢,(¢) does not vanish in that interval, a unique 


solution expressible in power series exists which is continuous in (a, 5) 
(1) (n—1) 
and which yields assigned values for x(t)), x(t), .... (tp) at any given 


point ἐρ of (a, δ). If the coefficients are all finite, one-valued and con- 
tinuous throughout (a, δ), the only singular points which can occur 
in (a, 6) are the zeros of ¢,(¢): all other points are ordinary. 

When the variables are complex, let ἐρ be a point of the Argand 
diagram (t-plane), other than a zero of ¢,(¢), in the neighbourhood of 
which all the coefficients ¢,(é) are analytic* functions of ¢. Then a 
unique series solution in powers of t —f, exists which satisfies the given 
conditions at ¢ = ἐρ. This series converges absolutely and uniformly at 
least within the circle having ¢, for centre and passing through that 


singularity of the set of coefficients P1/Po PolPo> -.-» PniPo Which lies — 


nearest to fy. 


(ii) The Standard System of First-Order Equations. If the system of 
equations Dy = u(t)y+7(t) is in the real domain, and the elements 
u,;(t) and 7,(t) are continuous in the interval (a, δ), then 8 continuous 
solution y(t) exists which is unique in (a,b) and which yields given 
values y(t,) at a given point ἐρ of the interval. Moreover, if the elements 
concerned are continuous for all positive and negative values of ¢ (e.g. 
when u,, and ἢ, are polynomials in ¢), then the solution will be con- 
tinuous for all real values of ¢. 

Problems frequently arise in which the elements u,, and ἡ, satisfy 
the condition of continuity in (a,b) and are at the same time functions 
of a parameter, say K, real or complex. If K is complex, we shall 
assume it to be restricted to such a region R of the Argand diagram 
that u,, and ἡ, are analytic functions of K at each point of R. In this 


* That is, the coefficients are single-valued, continuous, and admit a unique derivative— 
namely, a derivative independent of the direction of approach. 


214 FUNDAMENTAL SOLUTIONS 12-73 


case a unique solution y(t, K) exists which is continuous with respect 
to ¢ and analytic in K. For example, if the coefficients are integral 
functions (or polynomials) of K, the solution will itself be integral in 
K and uniformly convergent for all values of Καὶ when a<t<b. This 
solution will accordingly be of the type 


y(t, K) = Ot) + U,(t) K+ U,(t) K*+ 


and if the assigned conditions at ¢ = ἐρ do not themselves involve K, 
the first term U,(t) of the series must alone satisfy the appropriate 
initial conditions, while the remaining terms U,(é), U,(t), etc. vanish at 
t = ty. This often provides a powerful method of solution. 


7.3. Fundamental Solutions of a Single Linear Homo- 
geneous Equation. Let the given equation be 


Po(t) D®x + P(t) D™te +... + $na(t) Dz + $,(t)u = 0, 


and consider firstly the solution relative to an ordinary ἘΝ namely, 
(n—1) 
ὃν point ft, other than a zero of ¢,(t). If the values x(t), x(t), Στ a(t) 


are assigned, the required solution ἜΝ be taken as 


a(t) = X(t) x(t,) +X, (t) alt) +... ἘΣ τ αι.) 


in which X,(t), X,(é), ..., X,_1(¢) are 7 special solutions, known as the 
fundamental solutions. These solutions satisfy the n distinct sets of 
initial conditions 

(1) (2) (n—1) 
Xolto) = 1, Xolto) = 0, Χι (ὦ) = 0, ..., “οί Ξε 


| . (1) 2) 
X(t) Ξ 0, X4(t) = 1, X(t) =0, ..., ΧΩ = 
and so on. The fundamental solution X, will be ὃν series of the form 
({--ἰ)" ͵.; (ἐ-- ἢ)" (t= to)" 
Χ, (ἢ re ir + Bn ln + Oy 2431 τ - In+1 1 


The ordinary procedure is to substitute this series in the given equa- 
tion, to arrange in ascending powers of t—%), and to equate to zero the 
coefficients of the successive powers. The constants a,,,, a rnii» Otc. are 
then found from recurrence relations. 

_ ‘In dealing with a singularity, it is usual as a preliminary step to 
transform the independent variable in such a way that the singularity 
is brought to the origin ¢ = 0; for example, in the discussion of a 
singularity at infinity, the appropriate substitution is ἐ = ] ἰτ. This 
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procedure clearly involves no loss of generality. Proceeding then by © 
the well-known method of Frobenius we assume ἃ series solution 


rr) 
x(t, p) => c, Pr”, 
y= 0° 


in which the exponent p is not necessarily a positive integer. The trial 
solution is substituted in the differential equation, and in the first 
place the coefficient, say P(p), of the term of lowest degree in tis equated 
to zero. The nature of the singularity depends on the nature of the 
roots of the indicial equation 
P(p) = 9. 

If the indicial equation has ” roots, the singularity is said to be regular. 
On the other hand, if P(p) is of degree less than », or is independent of 
p, the singularity is classed as srregular. : 

If, as will be assumed, the singularity is regular, it will be possible 
to write the differential equation in the form | 


f(D) 2= Dx + 1P,(t) D2 +...4+ tP,_,(t) Dz +P,(t)x = 0, 


where the functions P,(t) are all finite, one-valued and continuous in an 
interval embracing ¢ = 0 if ¢ is real, or else are analytic near ¢ = 0 if 
t is complex. 3 

In the case of a regular singularity, provided that no two of the n 
exponents differ by zero or an integer, there will be n fundamental 
solutions of the assumed type, and the coefficients of each series will 
be determinable directly by recurrence relations. If there are multiple 
roots, or roots differing by integers, there will still be ἡ fundamental 
solutions, but some of them will involve logarithmic elements. ἢ 


7.4. Systems of Simultaneous Linear Differential Equa- 
tions. Adopting a notation similar to that used in ὃ 5-1, we may write 
a system of m linear differential equations of order N connecting the 
m dependent variables 2, 2» .--,%, With ¢ as 

(Po DN +¢,DN1+...+on.D+ Gy) & = ξ(). 
The coefficients ¢, are square matrices of order m, having for elements 
assigned functions of ¢. A system of the foregoing type is clearly 
reducible (in an indefinitely large number of ways) by methods similar 
to those illustrated in § 5-5 to a system of, say, ” differential equations 
of the first order. In accordance with the notation of ὃ 6-8, the most 


* Fora description of the treatment in these cases see § 16-3 of Ref. 5. 
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general system of n linear equations of the first order may be expressed 
a8 (eD—u)y=ylt) hae (1) 

Here v and u are square matrices of order n whose elements are given 
functions of ἡ. When v = I, the system is referred to as simple. For 


ranges of ¢ in which v is not singular (1) can be reduced to a simple 
system by premultiplication throughout by v-. 


EXAMPLE 
Reduction of a Single Linear Equation to a First-Order System. To 
illustrate the methods of reduction, consider a single linear equation 
OF OMT Got) Dra + by(t) Dz +... + Galt) = E(t). 
Writing (as for example (i) of § 5:5) 
y={x, Dz, ..., D™—1z}, 
we derive the system of n first-order equations 


10... 0 O7Dy=f0 1 Ὁ .. 0 Jy+fP07. 
061... 0 0] 0 oO I ise 0 0 
00... 10 0 0 Oo . 1 0 
00... 0 φ -ᾧ, —Pn-1 —Pn—s ace — ῥ. E(t) 


For all ordinary points (i.e. for all points other than the zeros of ¢,(#)) - ᾿ 


this equation can be replaced by the simple system 


Dy=[ 0 I 0 hea 0 y+ 0 
| 0 0 1 0 0 
0 0 0 sais i 0 


—Pnlbo -- φ,-αἰῴο -- φ,. οἱῴο ... —Prldo ξῴο 
The following is an alternative scheme of transformation which has 
been used by Baker* in relation to the Peano-Baker method of 
integration (see ὃ 7.5). Retaining his notation, we suppose the given 
(homogeneous) equation to be 


P P Ρ 
πᾳ = ΠῚ Pn-ly 4. " πΞ D277 +... +———_*—__-g, 
Pn Pn—-1P 1 φιῴς 5.5.8 Pn 


and put 9, = 2; ¥, = $1 Dz; ...; Yn = φῴς.... Gn D™ Ia. 
* See p. 343 of Ref. 6. 
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This transformation of the variables yields the first-order system 


Dy=[f 0 1/4, 0 0 .. 0 0 ψ, 
0 A, 1 φᾧς 0 eee 0 0 
0 0 FA, Ids 0 0 
: : 7 . ᾿ 7 eeeee rs ae 
Pylon Pi/Pn Pi/Pn P3/Pn i Pr-al Pn Pi-/On + H,,-1 
; ὌΝ deta, (2) 
in which H,= Σ ¢, |, 
r= 1 


(1) 
For instance, if ¢, = ¢, =...= ¢, = ὁ, then H,=8¢ /¢, and (2) 
simplifies to | | 


170 1 0 O° as 0 0 ψ. 
το φ ο (ἡ | 
0 ¢ 1 0 0 0 
(1) 
0 O 2¢ 0 
(1) 
0 0 0 0 (n—2)¢ 1 


(1) 
Rm RR FF ..ὕ. Pa Frit(n—N¢ 


An important special case is where ¢ = ¢ and the functions P,_,, P,_2, 
etc. are polynomials in ¢. The given differential equation then is 


πα = PID —I124P_.t**D"-*z +... + Pox, 
and the equivalent first-order system is | 


‘Dy=TO0 1 0 0.. 0 oO Ty. 
7 6110. 0 0 

00 2 1 0 0 

0 0 0 90 n—-2 1 


Py : P, P, i eee Ps Ρ..4Ἔπ--1} ἰ 
7.5. The Peano-Baker Method of Integration. This method 


_ of integration of the simple first-order system of differential equations 


was introduced by Peano in 1888, but the more recent developments 
are due to Baker.* The principle of the method is extremely simple. 


* Historical notes are given in Ref. 19: see also Ref. 20 and § 16-5 of Ref. 5. 
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Considering firstly homogeneous systems, we suppose the given 
equations to be Dy = ul(t)y 


and assume a set of values for y to be assigned at t = f). Now it has 
been proved in §2-11 that the matrizant Ωὐ (uw) has the fundamental 


eiaaed DOL (a) = «Ωἰ (ὦ). 
Further, when ¢ = fp, QO} (ὦ) reduces to [,. Hence 
Y(t)=QE(U) y(t) ae (1) 


satisfies the given system of equations and yields the required values 
y(t) at ¢ = t). This is the Peano-Baker form of solution. A feature of 
the solution is the wide range of its validity when ¢ is complex; it 
extends to all paths of integration which do not encounter any of the 
barriers referred to in §2-10. On the other hand its usefulness for 
practical computation is apt to be limited by slow convergence. | 
The matrizant method of solution can readily be applied to the 
non-homogeneous system _ 
| Dy = u(t)y+n(t). 
For, when premultiplied throughout by Q-}(u), this equation can be 
expressed as ᾿ξ D(Q-y) as Q-1y. 


Hence a particular integral which vanishes at ¢ = ἐρ is 
Ply) = Qu) Q{O-(u) 9(0)}. 


The solution required is accordingly 
y(t) = Q(u) y(t) + Qu) Οὐ {Q-*(u) η(ἢ)}. 
By expression of the matrizant in the appropriate partitioned form 
and a treatment similar to that adopted in § 6-13, it is possible also to 


obtain a formal solution for the case of a two-point boundary problem. 
The detailed construction of these formulae may be left to the reader. 


76. Various Properties of the Matrizant. A useful property* 
of the matrizant is immediately deducible from equation (7-5-1). 
Suppose ¢, to be any point of the interval (ᾧ, ¢). Then 

y(t) = Ὡβ(ω) y(to) 
and similarly y(t) = OF (u) y(t,). 
It follows that OF (w) = OF (uw) Ob(u). 


* Equation (1) was originally given in Ref. 21. Equation (2) is due to Baker (Refs. 6 
and 20); and equation (3) is equivalent to one given by Darboux (Ref. 22). 
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More generally, if the complete interval (f,¢) is divided into any 
number of smaller intervals (to, t;), (ἔν tg), ---» (ἔς... ἢ), then 


Of (us) = OL (ὠ) Ωἰ-") ... (uO). sevens (1) 
A further property is expressed by the identity 
Q(ut+v) = QA(u)Q(V), ἐς Meehaes (2) 
in which V = 07 (u) vQ(u). 


To prove this, consider the system of equations Dy = (u+v)y, and 

let the values y(#,) be assigned. Then if y = O},(u) Y, the system reduces 

to DY = VY. Since y(t.) = Y(é), the solution of this last system of 

equations can be written Y(t) = Q(V) y(to), or y(t) = Q(u) OQ(V) y(éq)- 

On comparison of this with the solution y(t) = Q(u+) y(t), obtained 

from the equations in their original form, the required result follows. 
Finally, it may be noted that 


f | 
log A εἰ (thy, tUggt.--tUnn) Ut, == eneeee (3) 


where A=|Q(u)|. The method of proof is general, but for brevity — 
assume u to be a square matrix of order 2. By differentiation of A 
with respect to #, 


(1) (1) (1) 
A =| Qy Qyy }+) Qn Qe 
(1) (1) 
Qe, Ope Qo, Qes 


(1) 
Since Q = uQ, the preceding equation can be written 


A = [τῶ 5 Ὁ UygQq1, ὧδ Ω,,» Uy Qye + Uy 2QQes 

Ug, Qa, + Uge0le1, ἴδ; Ω2» τυ)... + UaaQes 

== (Uy, + Ugq) A. | | 

This yields on integration log A= [ (2041 + Ugg) at. 


+ 


7.7. A Continuation Formula. Suppose the solution of a 
system of linear differential equations to be required over the interval 
(tp,t). If all points of the interval are ordinary, it is theoretically 
possible to obtain the solution by use of the fundamental series solu- 
tions relative to the initial point t). On the other hand, for purposes of 
practical computation, it may sometimes be preferable to employ the 
series relative to ἐρ only up to some intermediate point of the range, 
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‘say t,, and to continue the solution thereafter by the use of series 
appropriate to the point ¢, or to some other point of the interval (t,, ¢). 
More generally, if n — 1 successive intermediate points ty, ty, ».-yb, 4 816 
taken, so that the whole interval (ἐν, ἐ) is divided into n steps, it is 
possible to base the computation in a typical step on the series rela- 
tive to a suitable point of that step. The solution is carried over 
from step to step by identification of the initial conditions for any 
step with the end conditions for the preceding step. This fitting 
together of a sequence of solutions will be referred to as the method of 
continuation. We shall now obtain a matrix formula which expresses 
the process in ἃ concise form. 

The treatment is applicable in principle to linear differential equa- 
tions of any order, but for simplicity we shall consider specifically the 

simple system of first-order homogeneous equations, 3 


Dy = u(t)y. seveee(I) 


A solution of the equations, valid in each step, will be assumed 
known. If 7, denotes some chosen point of the sth step (i,_1,t,); 
then the solution appropriate to that step may be supposed ex- 
pressed either as series of powers of -- Τ᾽, or in terms of the matrizant, 
or in any other convenient form. The solution to be used in the sth 


step will be denoted by 
: | y(t) = A(t) yas). atte (2) 


_ Here H, is a square matrix of order n, which is assumed to reduce to the 
unit matrix I, when ἐ = #,_,. In the particular case where the point 
Ἴς is chosen at the initial point ¢,_, of the step, the jth column of 
H would represent the fundamental solution appropriate to the special 
set of conditions y,(f,_,) = 1 and y,(t,_,) = 0 for y+j. On the other 
hand, if 7, is situated elsewhere in the step, the columns of H, are 
suitable linear combinations of the fundamental solutions relative 
to 7'. 

On application of (2) to the m assumed steps, we have the 
sequence of relations 

| y(t,) = Hi, (t,) Y(to), 


ψ( 4) = Ay(ty) y(t), | 


y (tn—1) ἘΞ Ἡ, χ(ί,.. 1) Y(tn—a), 
y(t) = Η͵, (ἢ Y(t,_1). 
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Hence y(t) = H(t) Hy_s(tn—1) An—a(tn—e) --- Hi, (ty) y(to), 


or, say,* y(t) = TI (H,) wt). μιν) 


The process of continuation adopted is thus represented by a chain of 
matrix multiplications. The reader should particularly note that the 
individual matrices of the chain will in general differ from step to 
step. | | 

In the construction of the formula (3) it has been supposed that no 
singularity is encountered in the interval of ¢ under consideration, 
but this restriction is not essential. The point 7, of the typical step can 
be chosen to be a singularity, provided the set (or 56.) of solutions 
appropriate to that singularity are used. 

In applications, the method of computation will depend to some 
extent upon the problem. For example, if the values of y(¢)) are numer- 
ically assigned, the least laborious procedure is to compute the matrix 
chain Π(Η) from right to left; for then the product H,(¢,) y(t)) can be 
calculated as a single column, which on premultiplication by H(t.) 
again yields a single column, and so on. Hence in this case multi- 
plications of square matrices can be avoided. On the other hand, if— 
as often happens—the solution is required for arbitrary values of 
y(t), the direct multiplications of the square matrices must be effected. 
If many matrices are involved, it is wise to compute subproducts in 
the manner described in example (vi) of ὃ 1-5. This greatly facilitates 
the correction of errors, and is also valuable if a possible increase of 
the number of steps in certain parts of the range of integration is in 
view. | 

Some simple examples οὗ the continuation formula follow. 


EXAMPLES 


(i) Linear Equations with Constant Coefficients. Assume the equa- 
tions (1) to have constant coefficients, and choose T, = ¢,_, in every 
step. Then H,(t) = exp u(t—t,_1) (which is consistent with the con- 
dition H,(é,_,) = 1.). Hence the solution (3) is 


y(t) = exp u(t—t,_,) exp W(E,_1 —t,_2) --- OXP u(t, — to) y(to). 


1 | 
* The notation [I (2,) is used to imply a product taken in the order H, H,_, ... 13. 
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If 7,=t,—t,_, denotes the total difference of ¢ in the sth step, the 
formula may be written 


1 
y(t) = Π (exp a y(to) 
or wo) = 1 (τ att) wt) 
If the steps are all equal and very small, this leads to the theorem 
exp ué= lim (z 4 ῦ 


m—> 00 


(ii) Matrizant Continuation. Assume the equations to have vyari- 
able coefficients and as before choose 7, = ἐς.) in every step. Then, 
adopting the matrizant form of solution, we have H,(t) = Qt _(u) with 
Hi,(t,_,) = 1... The formula corresponding to (3) is thus 

| y(t) = Of, (ω) Qiemr(u) ... Q2(u) y(t). 
If the steps are so small that only first-order terms in 7, = t,—t,_, 
need be retained, then approximately 


Q¢ (u) =I + [ust dr+...=J ταί, .) 7, 


The solution is thus exhibited as the limiting value, when the number 
of steps is indefinitely ἐρὰσ of the matrix product 


y(t) = 1 [I + w(t,_1) τ] y(to)- 


7.8. Solution of the Homogeneous First-Order System of 
_ Equations in Power Series. Let the given system of equations be 


u(t) Dy = u(t) y, saws (1) 
and assume that over the range (é),t) of integration concerned the 
elements of the matrices v(t) and «(¢), if not polynomials in t— ty =T, 
are at all events expansible in — 8 — so that 


v(t) = v(t) + ro(l) ἘΠ Ξ wl te) +. 


u(t)= U(ty) sae ταί) +o 2 = u(t) +... 


Unless the matrix v(t.) is singular, these expansions may be written 
alternatively 88 v(t, ) v(t) = I, +V, T +V,7? + 

42% v(t) u(t) = Uy+ Ur +Uyt8+ οι. 
in which V, and U;, are matrices of assigned constants. 
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As a trial solution assume 

y(t) = S(r) y(t) =(Tn + Apt +AgT? +.--)y (to). seers (3) 

Here A,, Ag, etc. are square matrices of constants to be determined, 
and the values y(é)) are regarded as arbitrarily assigned. On pre- 
multiplication of (1) by vX(é) and substitution from (2) and (3), 
we obtain 

(I, +V,7+Va7? +...) (Ay+2Ag7 + 3457? +...) y(t) 

= (σεῦ 7+ U,7? +...) (I, +AyT+Agt? + .--) y(t). 
This must be identically satisfied for all sets of values y(é)). Equating 

to zero the total coefficients of the separate powers of 7, we therefore 


derive a set of recurrence relations from which the matrices 4, can 
be calculated. Thus 


A, = U5; 
2A, = (Ὁ --Ῥ) A, + U, 
3A, = (Uy—2V,) Ag+ (U,—Ve) 4. + Ug, 
and so on. 
If v(t) = I, so that (1) is a simple system, there is the simplification 
V, = V, = V, =... = 0. The recurrence relations then give 
A, -- .» | 
2A, = UA, +U, = θξτῦ,, 
3A, = UjAgt+ U,A,+ Uy = UR + UU, + U,Uy + U;, 
and so on. 
It should be noted that the columns of the matrix S(r) give the 
fundamental solutions relative to the point t,. The jth column of that 


matrix will be the fundamental solution appropriate to the special set 
of initial conditions y,(f)) = 1 and y,(to) = 0 for v+j. 


EXAMPLE 


Solution of a Single Equation. Consider the general solution of the 
equation 5. + tz = 0 in the vicinity of ¢ = 0. Ife = y,, and Dx = ¥,, 
the equivalent first-order system is 


Dy = (Uy + U,t)y, 
where U, = ᾿ 4 and U, = [ 0 ol 
0 0 
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Hence 
A,=U,= 0 7 
0 0 
2A,=[0 1]#+f 0 17 0 aI 
lo 0 = 0] |-1 0 


84, -- {0 1 0 0] 0 4 0 sn τ᾿ " 
| | 0 0|1-1 0 —1 010 0 0 --2 
and so on. This —_ 
S(t) =[1 0] [0 0 9 oe | nal Te 
0 1] [0 0 --2}|18 [0 014 
+[0 tg ba 0] 15 +/0 “olf | - Ὁ oli 
4 0}|5 |o 10 ἰ6 {0 ΟΙ]7 |--28 offs 
+|—28 0) ἘΝ ΠΡ πα] 0 πὸ 
" 0 --80119 [0 ojfio [280 of fii 
The fundamental solution appropriate, for instance, to the initial 
conditions y,(0) = 1 and y,(0) = 0 is thus 


β΄ 45 oe ee ᾿ 
w=! Bt 9 t= 1-6 +1807 12960 
__% αὐ 288 38: δ ' δ΄ 
γι ΠΤ ΕΝ 8° ft > 72 +307 1440 142680 "" 


7-9. Collocation and Galerkin’s Method. These methods of 
approximation* are powerful and relatively simple, and they are 
particularly valuable for problems involving the determination of 
characteristic numbers (see ὃ 6). 

A single differential equation of order n without variable parameters 
will first be considered, namely 


| | f(D) 2—§t) = 0, ΝΠ --- (1) 
in which f(D)= dol) D" + $,(t) D® 1 +...4+¢,(E). 
It will be supposed that an approximate solution of (1) in the interval 
{= 0 to ¢ = T is required. The boundary conditions must be such as 


to render the solution unique, and they may be assumed to consist of 
nm non-homogeneous linear equations connecting the values of x, Dz, 
* For a fuller discussion of the methods, see Refs, 23 and 24. The original papers by 


Galerkin describing his method are not readily accessible, but brief accounts are contained 
in various Russian publications, e.g. Refs. 25 and 26. } 


7.9 COLLOCATION 225 


D*z, etc. appropriate to, say, p specified points of the interval (0, 7’). 
These p-point boundary conditions are thus of the type 


B; = by, ......(2) 


for t=1,2,...,n, where the expressions B, are linear and homo- 
geneous in the values of z, Dz, D%x, etc. corresponding to the boundary — 
stations, and the constants ὃ; are not all zero. 

The sth approximation to the solution, say 85, is assumed to have 


h 
the form ay = Xo(t) + X(t) ey + Xalf) Cot... + Xp lt) ey 


where X, is any function of ¢ which satisfies the conditions (2), Xi, Xe; 
etc. are any convenient functions each of which satisfies the simpler 
conditions B, = 0 for i=1,2,...,n, and ¢,, 69» etc. are constants left 
free for choice. When the functions X are chosen in this way, # neces- 
sarily satisfies the conditions (2) for all values of the constants c. The | 
methods of approximation to be described only differ in the way in 
which these constants are determined. The approximate representation 
of the solution can be written concisely as 


e=Xot+ Xe, —_s_ reaver (3) 
where X denotes the row of the s functions X,, Xq,..., X,,andc denotes 
the columns of the s constants σ᾽, Cg, ..., Cz. 


Let ε(ἐ) denote the function obtained when the expression (3) is 
substituted for x in the left-hand side of (1), so that | 
e(t) =f(D) X(t) e+ f(D) Xo(t) — E(@). 


The quantity ¢(t) is the error in the differential equation due to the 
approximation, and for ἃ good approximation this error should be 
small throughout the interval (0, 7’). 

In the first and more obvious method, which will for convenience 
be termed collocation, the constants c are determined to give zero error 
at 8 selected points ¢,, ἴω» ..., ἧς of the interval. If Y,(t)=f(D) X,(t) and 


ΘΕ Y(t) Y(t) ... ¥,(t1) | » 
Yi(ta) Yalta) --» Yalta) 


eeseeeenseeeceue eee eee eceaeeonueees 


Lie) Wat) YG) 
the 8 os ia for the constants in this case are given by | 


θο = {Elt)—Yolt)} tates (4) 
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In an alternative method, due to Galerkin, the constants Ὁ 
are chosen so that s distinct weighted means of the error, namely — 


T . 
| e(t) X,(t) dt, for j7=1, 2, ..., 8, are zero. The equations for the con- 
0 


stants may then be expressed as 
(Qo XS(D) Χ)ο = OGX'(E-f(D) Xo). ...... (5) 

It can be shown that as s is increased the values of the constants c 
determined by equations (4) and (5) tend to equality.* Hence, when 
(as normally) the sequence of representations x obtained by either 
method converges, then also the sequence given by the other method 
converges to the same limit. From the computational standpoint the 
method of collocation has the advantage of great simplicity, since it 
avoids the labour of evaluation of integrals: on the other hand, 
Galerkin’s method is generally the more rapidly convergent. 

If the differential equation contains a variable parameter and is 
homogeneous, and if in addition the boundary conditions are homo- 
geneous, so that ὃ, = 0 in (2) for 1=1, 2, ...,, there may be charac- 
teristic values of the parameter for which solutions of the equation 
exist other than y = 0. With such problems the function X, will be 


absent from (3), and £(¢) = 0. The terms on the right of (4) and (5) 


accordingly vanish, and the approximations to the characteristic 
numbers are given in each case by the condition of compatibility of s 
homogeneous linear algebraic equations. It may be noted that, in 
exceptional cases, even when the true characteristic numbers are 
wholly real, the earlier approximations to these numbers may be 
complex. However, if the representations of the solution are con- 
vergent, the imaginary parts in the approximation will either vanish 
or tend to zero as 8 is increased. | 

To illustrate the application of the methods to problems involving 
characteristic numbers, consider the single homogeneous differential 


equation of order n, ΚΡ). γι τ, Ὁ .....ψΨ (6) 
where K denotes the variable parameter. The form of approximate 
solution assumed in this case is x = Χο, and each of the 8 functions in 
X is chosen to satisfy the n homogeneous boundary conditions B = 0. 
The Galerkin equations, for instance, then are 

(Qo X'f(D) X)e+ ΚΟΥ ΧΎΑΡ) X)c = 0, 
or, Say, (v+ Kw)c = 0, 

* For a formal proof, see Ref. 23. 
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in which v, w are square matrices of order 8. Accordingly, the set of 
permissible values K,, Καὶ, ...,ὄ K, given by the assumed approximation 
are the latent roots of the matrix τ, where 


w=—wiy j= — — — assess (7) 


The methods can also be applied for the approximate solution of 
systems of linear ordinary (or even partial) differential equations. 
In such applications an approximate representation of the type 
2 = X,+Xc, involving 8 constants c, is assumed for each of the m 
dependent variables. The leading term X, in each case must be a 
function of the independent variable (or variables), chosen to satisfy 
the boundary conditions B = ὃ completely, and the remaining func- 
tions X must satisfy B = 0. In the collocation method the complete 
domain of integration (assumed finite) is divided into s regions 
1, Oe, «++, @,, and a convenient point in each region is adopted for 
collocation. The assumed expressions for the dependent variable are 
then substituted in the differential equations, and the errors in the 
differential equations are made zero at each of the collocation points. 
The final outcome is a system of ms simultaneous linear algebraic 
equations for the m sets of s unknown constants c. If Galerkin’s method 
is employed, the error 6, corresponding to the ἐ differential equation 
is multiplied in turn by the functions X appropriate to the tth depen- 
dent variable, and the integrals of these products, taken over the 
domain of integration, are equated to zero. This process again yields 
ms algebraic equations for the unknown constants. 

Consider, for example, the system of m homogeneous second-order 
ordinary differential equations f(D)x+Kz=0, where f(D) is now 
assumed to be a square matrix of order m, the elements of which are 
quadratic functions of D with variable coefficients. The scalar para- 
meter K will be determined so that the m variables x, vanish at both 
t= Oandt = 7: this defines a set of boundary conditions appropriate 
to a second-order system. In this case the approximate form of 
solution adopted can be expressed by partitioned matrices as 


x=-[X,, 0, .., 9 οι |=Xc, 
0, Xy, 5 ὌΠ] 
0, 0, ..., Α͵,, len 


where X, now denotes a row of 8 linearly independent functions each 
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of which vanishes at ἑ = 0 and t = 7, and ο; is a column of s arbitrary 
constants. Now the column of the errors in this case is 


{εἰ = f(D) Xc+ KXe, 
and Galerkin’s equations may be expressed as 
(Qo X’f(D) X)c+ K(Q7X'X)c = 0 
or say (V + KW)c = 0, in which V, W are square matrices of order ms. 
Hence the numbers K are the latent roots of — W-V. 

It should be noted that the approximations given by collocation 
will (normally) be unaffected by multiplication of the differential 
equations by arbitrary factors, but that this is not true for the 
Galerkin method. However, in mechanical problems, there is an 
optimum way of applying Galerkin’s method which renders it equi- 
valent to the use of Lagrange’s equations (see Ref. 24). 


7.10. Examples of Numerical Solution by Collocation and 
Galerkin’s Method. The examples will be restricted to simple differ- 
ential equations with known exact solutions, so that in each case tests 
of the accuracy of the approximate solutions will be possible. 

(i) First-Order Equation with Constant Coefficients. Suppose the 
differential equation to be (Ὁ -- 1)“ = 0 with the boundary condition 
z = 1 até = 0. The exact solution is x = expt. 

For the approximate solution in the interval (0, 1) assume 


w= 1+c,t+c,0+...+¢,8, | 
so that X;=# and Y;=/(D) X, = 21-.- ας, Hence, if the method of 
collocation is used, the equations for the constants are (see 7-9-4) 
Oc = {—¥(t,)} = {1}, 
where 0,,=Y,(¢;) = j{-1- εἰ. If s= 4, and if the points chosen for collo- 
cation are ¢, = 0, ἔς = 4, ἐς = 2, t, = 1, then 


10 0 Of }=f1 
§ ἃ Allal fa 
3 0 85 BT] / es i 
01 2 8 |[|6, 1 


These yield c, = 1, ος = 0-5078, c, = 0-1406, Cc, = 0-0703. 
The corresponding equations by Galerkin’s method are (see 7-9-5) 


Gott, ?, δ, #4} [1 —t, 2t—2, 34-8, 409-4] ¢ = QUE, ἐξ, #8, 14, 
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and these reduce to. 


1 δ΄ 11 19 δ, (eo } 

6 15 20 30 1}τ 3 

1 3 13 11 ς 1 
12 10 30 21 2 3 

1 7 5 25 δ } 
δὸ 80 14 δὲ 3 

1 4 17 «7 δ 1 
36 1 δὲ 18 4 δ 


giving c, = 0-9975, c, = 0°5149, c, = 0.182, c, = 0-0732. 

The two different approximate solutions, and the approximation 
given by the terms in Taylor’s series for exp¢ up to ἐδ, are compared 
below. The results given by Taylor’s series are the least accurate. 


Fourth Approximations to True Solution 


Collocation: 1 + 1-0000¢ + 0-507 8#? + 0-14062% + 0-0703¢4 
Galerkin’s method: 1-+ 0-9975¢+ 0-5149#? + 0-13258 + 0-0732¢4 
Taylor’s Series: 1 + 1-0000¢ + 0-50008? + 0-16674 + 0-0417¢4 


Comparison of Numerical Values: 


1-821 | 2-012 | 2-222 | 2-454 | 2-708 


(ii) Perfect Flow Across an Annulus. A simple problem of perfect 
fluid flow in two dimensions will next be considered. The space between 
two concentric circular cylinders is assumed filled with fluid: the inner 
boundary r = 1 is at rest, while the outer boundary r = 2 is (instan- 
taneously) moving with velocity U in the direction of the coordinate 
axis OX. If γ᾽ denotes the stream-function, the mathematical problem 


: . Oy day 
is defined by the equation Gai + Dye Bye 
boundary conditions 7 = 0 at r = land Κ᾽ = — Uy atr = 2. 

For the approximate treatment it will be convenient to write 
p =logr and a = log2, and to express the differential equation as 

2 | 

τὰ ¥ YS = 0. Hence if we write -- Κ [Ὁ = Rsin@, where R is a func- 
tion of p to be found, we require 


DR 
ἀρ 


-- Ὁ, in conjunction with the 


—R=0, 
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and the conditions to be satisfied are R = 0 at p= 0 and R = 2 at 
p = a. The exact solution is R = $sinhp, and this will be compared 
with approximate results given by collocation and by the Galerkin 
method. 

For the adic ΠΡ δὴ R we shall assume 


R= = p+p(p—a) (Cy +C,p +¢3p?). 


Then, if the collocation method is applied, and the three positions for 
collocation are chosen to be p = 0, p = a/2 and p= = a, the values of 
the. constants are readily found to be | 


οι = 0°314268, 6; = 0-453391, c, = 0-039681. 
The corresponding values given by Galerkin’s method work out as 
δι = O-BIG111, c, = 0-448040, cy = 0-039563. 
The two approximations are compared below with the exact 
solution καὶ = sinh p. 


p 


Exact Solution 


Collocation 
Galerkin 


(iii) Symmetrical Vibrations of an Annular Membrane. The methods. 
will next be applied to find rough values for the frequencies of vibration 
in the fundamental mode and the first and second overtones in the 
case of a uniform membrane bounded by the concentric circles r = 1 
and r = 2, | 
_ Let 7 denote the tension per unit length, m the mass per unit area, 

and z the normal displacement at radius r and time ¢. Then the 


equation of vibration is 

Oz T (0% il 1 oz 

of ~~ m\ or? r or) ° 
Assume a normal mode of vibration to be z = R sinwt, and write 
K = w*m/T;; then (see equation (7-9-6)) 

" | 
JD) R+KyY(D) Rae * 5 τε PRR OS .... (1) 

and K is to be determined by the condition of compatibility of the 
solution of (1) with the boundary conditions R = 0 atr = landr = 2. 
The exact general solution in terms of Bessel functions is 


R = Αγ VK) + BY,(r VR), 
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and in order that the boundary conditions may be satisfied K must be 
a root of the equation 


JV K)¥(2VK)—J(2VK) YvK) = 0. 
. The three lowest roots are found from tables of Bessel functions to be 
Κι, = 9-753, K, = 39-35, K, = 88-72, corresponding to the fundamental 
and the first and second overtones. 
For the approximations, the form of solution assumed is _ 

= (r—1)(r—2)(cy+cgr+...+¢,7°—), | . 
and it should be noted that whereas this is a polynomial expression 
in r, the exact solution involves Y,(r) and therefore the logarithmic 
element logr which itself is not expansible by a Taylor’s series in r. 
In the case of the collocation method the positions for collocation are 
chosen to be equally spaced in the interval (1,2) and to include the 
extremes, so that for instance 7, = 1, 7, = 1-5, rs = 2 when 8 = 3. 
When Galerkin’s method is used the equations can be treated con- 
veniently as explained for (7.9.6). Some of the results obtained by the 
two methods compare as follows: 


Characteristic Numbers for Vibrating Membrane 
Method 
. Exact Solution 


Collocation 


It was pointed out in ὃ 7.9 that the approximations given by the 
Galerkin method will be affected to some extent if the differential 
equation is multiplied throughout by an arbitrary function. To 
illustrate this, a few additional results obtained by Galerkin’s method 
may be cited. A different representation is taken, with s = 2, namely 


R = c,(r—1) (r —2) +,(r? — 1) (r? — 4), 
and the differential equation (1) is assumed to be multiplied throughout 
by a function f(r). The results for different functions f(r) are as follows: 
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7.111. The Method of Mean Coefficients. The method to be 
described is applicable in principle to systems of equations of any 
order, but for simplicity it will here be assumed that the equations 
have been reduced to the simple first-order form 

Dy = ult)y. 
An ΠΝ solution will be obtained valid for the range (ἐρ, t) 
and for an arbitrary set of initial values ψίέρ). 

If ¢,, tg, ...,¢,_, denote any m—1 successive intermediate points of 
the range (ty, ¢), then the exact solution is (see example (ii) of § 7-7) 

y(t) = OF (a4) Ωξ- τω) ... Ὠρ(ω) Oba) y(t). 
As an approximation we shall now substitute for each variable element 
of τὸ in the typical interval 7, = ¢,—t,_, an average value taken over 
that interval, and determine the matrizant OQ? _ on the assumption 
that the elements of τ᾿ have these constant values. Thus let U(p) 
denote the matrix of these average values in the pth interval; then 
since U(p) is a matrix of constants (see example, ὃ 2-11) 

Qe ,U(p) = exp U(p) Tp. 

Hence the complete approximate solution is | 

y(t) = [exp (¢—t,_,) U(n)] [exp 7,_, U(m — 1)]... [expr U(1)] y(éo). 
For conciseness we shall write this as | 

y(t) = Hy (t—ty_y) Ey_a(Tn_1) Ep_olTn—2) ... Ey(71) ylto). .....Ψ. (1). 

The choice of the average values for the elements of u in any interval 
can to some extent be left to the judgment of the computer. If the 
intervals are small, sufficiently accurate values may often be found 
by inspection. In general, however, a good average value for Ug In 
the interval (t,_,,t,) is provided by the arithmetic mean 


1 tp | 
U,, = | u,,(t) dt. 
a by —bn_4 tp—1 ἣ 


The integration may be carried out analytically or by Simpson’s rule, 
according to convenience. 

The individual matrices of the product (1) may themselves be 
evaluated approximately by expansion in power series (see example, 
§ 6-12), or they may be computed exactly by the use of Sylvester’s 
theorem or by (6-12-4). For instance, if the latent roots of the typical 
matrix U are all distinct, then 


expTtU = kM(r)k3 = ee a 
δα ΞΙΔ A(A,) 


F(A). 
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Asa simple example suppose the system to consist of only two 
equations, so that erie. | 
SS. 9.15}: 
᾿ U; 


If the latent roots of U are complex, say A, = w+iwand A, = μ --ἰω, 
then (see § 6-10 (5)) 
U—-d, ἧς ὕ-λι , 
λιτλι. 2A, 


E= exp TO = 
which reduces to 


E = om(Iooswr+——" sinwr). ἘΠ (2) 


The case οὗ real roots can be dealt with by writing tw for ὦ in the 
preceding formulae. 

The numerical solution of differential equations by the method of 
mean coefficients is illustrated in some detail in §§7-12—-7-15.* The 
equations chosen are also soluble in terms of known functions, so that 
the accuracy of the approximate solution can in each case be verified. 
Some equations with highly oscillatory solutions are included, and 
these provide ἃ particularly severe test of the method. 


7:12. Solution by Mean Coefficients: Example No. 1. The 
equation is assumed to be 


D2 4+ (167%e-#—F)e2=0, Θ69ΖΚΌ «μεν (1) 
and a rough solution is required for the interval t = 0 to ¢ = 4, the 
assigned conditions being z = 1-0 and Dz = 0-5 att = 0. 

In this first example the successive stages in the work will be ex- 


plained in some detail. 
Write x = y, and Dz =y,; then (1) is equivalent to the ame 


21 


in which u,, = }—167e-*. Here u,, is the only variable element of τ, 
and its mean values in the successive steps will be obtained from the 
formula 


sj ty 
Ox(p) = 7 τ Ug, at. 
. ‘Dp »--1 -ι 


* The examples are taken, in revised form, from Ref. 21. 
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For the step (t,,_1,t,), the equation to be used is - 


Dy = ΕΗ ἡ γῇ ὕ(»)ν, 


the solution of which is (see (7.11.1}} 
y(t) = E(t—ty_)Yltp-1)- wee (2) 


The exponential can be evaluated easily since the latent roots 
f+ ἴω of U(p) are + VU,,(p), and are either both purely imaginary or 
both real according as U,,(p) <0 or >0. Hence in the formula (7.11.2) 
we write μ = 0, and iw - νῦ,, (9), so that w may be either real or 
imaginary. The solution (2) thus reduces to 


i 
y(t) = cos w(t — ty-1); w sin w(t — ty_1) Y(ty_1)- 
—wsinw(t—t,_,), cosw(t—t,_;) 


The solution for the first step (0,¢,) is y(t) = E(t) y(0), and the terminal - 
conditions, which are the initial conditions for the second step, are 
therefore y(t,) = £,(t,)y(0). Hence in the second step the solution 
is y(t) = Hj(t—t,) y(t) = E,(¢—t,) E(t.) y(0). Proceeding in this way, 
we find for the complete solution in the nth step 


y(t) ἘΞ E(t i ty—1) Ey,  χί ὯΣ n—-2) “08 E(t, oi ty) E,(t,) Ψ (0). 


The computations are summarised in Tables 7.12.1 and 7.12.2. 
The choice of the steps is a matter for judgment: obviously, the 
‘more rapid the rate of variation of the coefficients, the closer should 
be the spacing. Steps of 0-1 have been adopted from ¢ = 0 to t= 1, 
steps of 0-2 from ¢ = 1 to ¢ = 2, and steps of 0-5 from ¢ = 2 to t = 4. 
Table 7-12-2 gives the matrices EF and the initial and terminal values 
of y appropriate to the successive steps. For the first step, the initial 
conditions are y = {1-0, 0-5}. The initial conditions for the second step 
(i.e. the values of y, and y, at t = 0-1) are found by computing the 
product | 

| 0°36673 0-07783]/1-0] = 0-4056], 
| 11-1202 ced R | aad 
and so on. | ΝΙΝ 

The computations actually given yield the values of y, and y, 
(i.e. the original x and Dz) at the end-points of the steps. If inter- 
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mediate values for the pth step are required, these can be calculated 
from (2), y({t,-1) being now known. 

The exact solution of (1) corresponding to the assigned conditions 
ay b= vue a = οἴ cos (άπο- ἢ). 


The graph of this function is shown in Fig. 7-12-1 and the isolated 
points marked are the approximate values of y, (= 2) as computed in 
Table 7-12-2 (i.e. the upper figures in the third column). The accuracy, 
even in the present rough application, is seen to be very satisfactory. 


Fig. 7-12-1 
Table 7.12.1. Example No. 1 
Computation of Elements of Matrices E, 


COS wr Bin wr i “ὦ sil wr 
ω 


0.36673 0-93033 ᾿ — 11-1202 
0-47015 0-88259 “ - 9-5438 
0-55851 0-82950 ‘ — 8-1142 
0-63339 0:77383 : — 68473 
0-69644 0:71762 : — §-7437 
0:74922 0-66231 : - 41945 
0:79326 0-60889 — 3-9862 
0-82983 0-55800 ‘ — 3-3032 | 
0-86016 0-51003 : — 2-7298 
0-88523 0-46517 09 — 22506 
0-67229 0-74029 . —3-0851 
0-77770 0:62864 ‘ ~ 21368 
0-85058 0-52584 . — 1-4558 
0-90059 0:43467 : —0-97727 
0-93460 0-35570 “ ~ 0-64677 
0-80911 0-58765 ° — 0-73828 
0-94764 0-31933 : — 0-20758 
: " 100032 | -—0-02525+ ᾿ +9-00127 
+0-1589 . } | 1-01993 | —0-20063s | 0- +0-07997 


0 
0- 
0. 
0- 
0 
0- 
0- 
0 
0 
0 
1 
1 
1 
1 
1 
2 
2 
3 
3 


0-1 
1-0-2 
2-0-3 
3-0-4 

“4-05 
5-0-6 
6-0-7 

‘7-0-8 

“8-0-9 

-9-1-0 

0-1-2 

-2-1-4 
4-1-6 

6-1-8 

8-2-0 

0-2-5 

5-3-0 

0-3-5 

5-4-0 


286 


Table 7.12.2. Example No. 1 


Computation of the Matrix Chain Hi, Ey Ep»... Ly y(0) 
Step Matrix Z,(r,) Column y(t, 3) 
0-0-0-1 0-36673 _-0-07783 10 
-11:1902 0-36673 0-5 

0-1-0-2 0-47015 008162 0-4056 
~ 9-5438 0-47015 — 10-9368 
0:2-0.8 0-55851 08480.Ὃ —0-7019 
— 81142 0-55851 ~9-0134 
0-3-0-4 0-63339 0-08745 ~ 1-1564 
~ 68473 0-63339 0-6617 
0:4-0-5 0-69644 0-08966 - 0-6746 
— 5-7437 0-69644 8-3373 
0-5-0-6 0-74922  0-09149 0-2777 
— 47945 0-74922 9-6811 
0-6-0-7  0-79326 —-0-09301 1-0938 
—3-9862 0-79326 5-9218 
0-7-0-8 0-82983  0-09426 1-4184 
7 — 3-3032 0-82983 0.3314 
.9.8-0.9 0-86016  0-09529 1-2088 
-- 2-7298 0-86016 — 4-4053 
0-9-1-0 0-88523 0-09614 0-6200 
— 2-2506 088523 —7-0890 
1-0-1-2 0-67229 0-17763 ~0-1327 
—3-0851 0-67229 ~ 17-6708 
1.2-1.4 0-77770 018495 — 1-4518 
| — 21368 0-77770 4:74.76 
1-4-1-6 0-85058  0-18994 -- 2-0071 
— 1-4558 0-85058 — 05900 
1-6-1-8 0-90059 019332 ~ 18193 
= -0-97727  0-90059 2-4201 
1-8-2-0 0-93460  0-19562 - 1-1706 
—0-64677  0-93460 3-9575 
9.0.2. 0.80911 0.46778 -- 0.3199 
--Ο.13893 0.80911] 4.4558 
2-5-3-0 0-94764  0-49125 1-8254 

—0-20758 0-94764 3-8414 
3-0-3-5 100032  0-50000 3-6169 
0-00127 1:00032 3-2613 
3-5~4-0 101993 0-50334 5-2487 
0-07997 101993 3-2670 
ss 6-9977 


3°7518 
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7:13. Example No. 2. Assume the equation to be 


D'xe+tx=0, jj  ——— εἰ (1) 


and let the solution be required for the interval ¢ = 0 to t = 8-4, the 
conditions at ¢ = 0 being arbitrary. | 
The given equation is equivalent to the first-order system 


a 0 = 
- 0 | 


where y = (5, Dz}. In this case the series solution already computed 
in the example, § 7-8, will be used from ¢ = 0 toé = 1-8. Fromi= 1-8 
_ tot = 8-4 the method of mean coefficients will be applied. 

Table 7-13-1, which gives details of the computation of the elements 
of the matrices H,, is similar to Table 7-12-1, but in Table 7-13-2 the 
arrangement differs somewhat from that of Table 7-12-2. Since the 
initial conditions are here not numerically assigned, the continued 
product of the square matrices HZ, is computed, and the result is 
multiplied by the (arbitrary) column matrix y(0). The individual 
square matrices H, are given in the second column of Table 7:18:2, 
while the continued products of these matrices, taken up to the 
beginnings of the successive steps, are entered in the third column. 
Thus, the first matrix in the third column is the unit matrix; the 
second is the product of the first matrix in the second column and this 
unit matrix: the third matrix in the third column is the product of the 
second matrices in the second and third columns, and so on. The last 
matrix in the third column is the continued product of all the matrices 
E, fromt=18tot=84. | : 

The values of y, and y, at the beginning of the steps, corre- 
sponding to known values at ἡ = 1-8, can now be written down. For 
instance, if y = {£, 7} at ¢ = 1-8, the value of y at t = 6-8 is 


y = Γ 0-53939, peck []: 
1-24864, —0-93330] Ly 
As a particular case suppose that y = {1,0} at ¢= 0. The series 
solution computed in 87:8 then gives y(1-8) = {0-2023, — 1-0623}. 


These values in turn provide the terminal values for y, 88 given in the 
last column of Table 7:18:2. 
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The exact solution of (1), with the initial conditions {x, Dz} = {1,0} 
at ¢ = 0, is expressible in terms of Bessel functions as 


1.280. = V hi Jy(§th) — ve (9th). 
The true and approximate solutions are compared in Fig. 7.13.1. | 


Table 7:13-:1. Example No. 2 
Computation of Elements of Matrices Εν 


. ] « La 
sin wr , —w sin wr 
ω 


δ᾽ 
rg 


0-13559 |. — 0-18442 
0-13919 _~0-19437 
0-14269 — 0:20430 
0-14610 . — 0-21422 
0-29868 — 0:45297 
0-31099 - 0-49172 
0-32275 | — 0-53033 
0-33404 — 0-56885 
0-65603 ~ 1:17354 | 
0-68816 — 130569 
0:71736 — 1-43472 
0-95592 — 2:02781 
0-97680 — 220593 
0-99045 — 2-36467 
0-89911 — 227459 
0-83874 - 2:25058 
0-77000 — 2-17789 


tii 
ᾧ Ἢ Φ Οἱ Οἱ τὸ G9 G9 9 by 


1.8-1.9 
1.9-20 
20-2:} 
2.1.-.-2:2 
2.2-2 4 
2.4-2.6 
2.6-2:8 
2.5-90 
3-0-3-4 
3-4-3°8 
3-8-4-2 
4-2-4-8 
4-8-5-4 
5-4--6-0 
6-0-6-8 
6-8-—7-6 
7°6-8-4 
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Table 7.18.2. Example No. 2 
Computation of the Matriz Chain E, E,_1-.. Hy 


Product #, Hy... E, 


1-0 0 
0 1-0 


0-99077  0-09969 
—0-18442 0-907 


0-96275 0-19748 
—0-37520 0-96175 


0-91550 0-29131 
~ 0-56805 0-91156 


0-84908 0:37901 
—0°75807 0:83937 


0-66103 0-52702 
— 1-10808 0-62938 


0-41031 0-62468 
— 137818 0-33903 


0-11765 0-65785 
—1-52203 -0-01040 


_~0-18766 0-61802 
-1-50151 —0-38402 


— 0-69228 0-32561 
—0-91301 —1-01510 


— 083343  -0-13192 
0-24146 —-—1-16166 


Matrix ΚΕ, 


0:99077 0-09969 
— 0-18442 0-99077 


0-99027 0-09968 
—0-19437 0-99027 


0:09966 
0-98976 


0-09964 
0-98927 


0-19694 


0-98976 
— 0-20430 


0-98927 
—0-21422 


0-95436 
— 0°45297 0:95436 


0-95042 0:19669 
— 0-49172 0-95042 


0-94649 0:19642 
-0-53033 0-94649 


0-94255 0-19615 
~— 0-56885 0:94255 


0-75473 0-36673 
~— 1-17354 0-75473 


0-72556 0-36269 
—1-30569 0-72556 


0-69671 0-35868 
— 1-43472 0-69671 


0-29361 0-45062 
— 202781 0-29361 


0-21413 0-43253 
— 2-20593 0:21413 


0°13787 0-41485 
— 2-36467 0:13787 


— 0:43772 0-35540 
—2-27459 -0-43772 


— 0:54453 0°31258 
—2-25058 -0-54453 


— 0-63804 0:27224 
—2:17789 -—0-63804 


—0-49405 -—0-50857 
1-:36397 —0-62007 


0-46958 -0-42874 
1-40231 0-84922 


0-70709 0:27551 
— 0-73558 1-12761 


~ 0:20767 0-50577 
—1-77345 —0-49603 


-0-53939 -—0-39768 
1-24864 -—0-93330 


0-68401  -0-07518 
0-53402 1-40322 


0-42998 
—0-73158 


— 0-29104 
— 1-83042 
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7:14. Example No. 3. Asa more complicated example we shall 
next choose the equation ; 


2 


and obtain the solution for the interval ¢ = 0 to ἐ = 4. 
The equivalent first-order system is 


Dx+(16 008 5) D+ (an? + 64 cost -- ἀπείη Ξε) x = Ὁ. 


Dy = | 0, | 1 y=uy, 
-- 647? — 64 cos? + 4rsin™, εἰδόσι = 
2 2 2 
where _ y = {x, Dz}. 


In the present case the method of mean coefficients will be used 
throughout. The matrix u here has two variable elements Us, aNd Uae, 
and the latent roots are found to be complex, say A = w+iw. The 
formula (7.11.9) gives 


he. a 
y(t,) = 6. τ —7sinert+ COS WT, 7 sn wT y(t,-1); 
Sag LE a ad 
ω ω 
or 
| -#. 1. 
y(t,,) = e — 7 Sn wT + cos wr, 7) Sin wT Y(tp—1), 
24 72 
ETO sinwr, “sin wt + cos wr 


since U,, = —(u*+w?) and U,, = 2u. 

The computations, which are otherwise similar to those for Example 
No. 2, are summarised in Tables 7-14-1 and 7-14-2. The fourth column 
of Table 7-14-2, headed Ile/*, represents the contributions to the matrix 
chain ἢ, H,_,... HZ, arising from the scalar multiplier e“” which appears 
in the solution. It is obviously convenient to effect these particular 
multiplications independently. : 

Table 7-14-2 may be regarded as completing the formal numerical 
solution. When any initial conditions y(0) are assigned, the values of 
y at the ends of the steps are at once deducible as explained in 
connection with Example No. 2. For instance, at ἑ = 2:8, | 


y(2°8) = _ 0:5890, ee | 74:79, pie y(0). 
— 20°54, 0-3859 . —2608, 49-00 
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The calculations have been completed in detail for the particular case 
y(0) = {1, —8}. It can be verified that the exact solution appropriate 
to these initial conditions is 


W 2 


and the graph of this function is given in Fig. 7.14.1. It oscillates 
throughout the time range and the amplitude varies considerably. 


16. 
L=Y, = oxp(—sin 5] x cos 87t, 


Table Τ' 14:1. Example No. 3 
Computation of Elements of Matrices E, 


ta | fete | rt | ene | nt | ee 


τ κα 9 HT TTT 99 OS 
δ 9 Ὁ 6 “5 6 ὃ οἱ 


ὦ ὦ ὧν κὸ ὦ ὦ ὦ ὦ κὸ ὦ οὐ δὴ τβ. τ Φ οὐ ὦ νῶν dD 


09 09 οὐ C2 9 RIED ἘΦ ἘΦ Ἐκ eH HO OOOO 
PEEECECEC CELE EE ooo. 


-- 0-03769 


Table 7.14.2. Example No. 8 
Computation of the Matrix Chain EH, ,... Ey 


Step Individual Matrices Matrix Product IIe#™ Y(t y—r) 
0 -0-2 | 0-0030 -0-03799 10 0 10 10 
| 26-27 0-6010 0 1-0 ΞἘΝ 
0.2-0.4 | 0-0160 —0-03827 0-0030 -0-03799 0-2072 0-06359 
25:89 0-5594 26-27 0-6010. ua 
0-4-0-6 | 0-0594 —0-03850 —1-0053 —0-02361 0-05008 — 0-04089 
| 25-21 0-4930 | 14-77 -0-6474 = 
0-6-08 | 0-1286 —0-03866 | -0-6284  0-02352 0-01623 ~ 0-01325 
24-51 0-4084 -18:06  —-0-9144 ἐδῶ 
0.8-10 | 0-2152 —0-03875 0-6174  0-03838 0-007874 0-00244 
| 24-08 0-3120 | ~22-78 0-2030 ΩΝ 
10.1.2 | 0-3120 --0.03816δ 10166 0-00039 |  0-006139 0-00622 
24-08 0-2152 7-76 0-9875 me 
1-2-1-4 | 0-4084 —0-03866 0-0162 —0-03814 0-007874 0-00253 
24-51 0-1286 26-13 0-2219 ce 
1-4-1-6 | 0-49830 —0-03850 -1 0036 —0-02416 0-01623 ~0-01315 
25-21 0-0594 3-76 —0-9063 a 
1-6-1:8 | 05594 —0-03827 -0-6395  0-02298 0-05008 ~ 0-04123 
25-89 0-0160 -25-08  —0-6629 — 
1.8-20 | 0-6010 —0-03799 0-6021  0-03822 0-2072 0-06139 
26:27 0-0030 ~ 16-96 0-5843 = 
2-0-2:2 | 0-6129 —0-03769 10062 0-00077 10 1-000 
26-21 0-0197 16°77 1-0058 -- 
9.2.9.4. | 0.δ0θ69 -- 0.03738 0-0223 —0-03744 4-826 1-553 
25:71 0-0651 26-68 0-0400 a 
2-4-2-6 | 0-5525 —0-03710 —0-9840 -0-02381 | 19-96 ~ 15-84 
24-95 0-1347 2-31  —0-9600 a 
2-86-28 | 0-4857 —0-03691 —0-6294 0-02246 | 61-62 ~ 49-86 
24-22 0-2185 24-24 ~—0-7234 a 
2-8-3-0 | 0-4028 —0-03680 0-5890 0-03761 | 127-0 36-58 
23-78 0-3108 -20-54 0-3859 is 
3-0-3-2 | 03108 —0-03680 0-9931  0-00095 | 162-9 160-5 
23-78 0-4028 7-62 1-0143 | as 
3-2-3-4 | 02185 —0-03691 0-0282 —0-03703 | 127-0 41-19 
24-22 0-4857 26-69 00-4312 | — 
3-4-3-6 | 01347 —0-03710 -0-9790 —0-02401 | 61-62 ~ 48-49 
24-05 0-5525 13-65  —0-6874 ae 
3-6-3-8 | 0-0651 —0-03738 ~0-6383  0-02227 19-96 — 16-30 
| 25-71 0-5959 16-88  —0-9788 ex 
38-40 | 0-0197 —0-0376 0-5894  0-03804 4-826 1.316 
26-2) 0-6129 26:47  —0-0107 a 
ams ΞΘ ἘΞ 10093 0-00115 10 1-000 
= = ~ 0-78 0-9905 ae 
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Between ¢ = 0 and ¢ = 2, the ordinate is small: on the other hand, it 
grows to large values of the order +150 between t= 2 and ¢ = 4. 
Consequently, in order to obtain a reasonable graphical representation, 
the scale has been magnified 200 times for the first half of the range. 
The approximate results computed by postmultiplication of the matrix 
chain by {1, —8} are marked in the diagram, and they accord well 
with the curve. | 


7°15. Example No. 4. We shall next solve by the method of 
mean coefficients the problem treated by other methods in example 
(iii) of § 7-10. 

The first-order system equivalent to (7.10.1) is 


ει = | 0 1 ᾿ =uUy, 
—K —-ljr 

where y, = R and y, = dR/dr. To obtain a preliminary estimate of 

the characteristic numbers K a constant mean value for 1/r, namely ὃ, 

will be assigned throughout the interval r = 1 to r = 2. The solution 

of the equation is then (see (7-11-2)) 


y(2) = & —fsinw + cosa, ~sinw | y(1), 


ΞΕ ΤῊ ΕΥΓΕΙ ) sin ὦ + COs w 
ω ᾿ @ sre 


"where + ἴω are the latent roots of u. The boundary conditions are 
y,(2) = y,(1) = 0, and the first of the two equations implicit in (1) 


therefore yields of 
= O sinw.y,(1), 


whence sinw = 0 or ὦ = ππ. But the latent roots of u, with 1/r = ἔ, 
are —}+iVK—}. Hence w=na =VK-}, or Καὶ -- ὐπὸ δ, and 
rough approximations for K are therefore πϑ, 477, 97, etc. 
Proceeding next to a more refined approximation, we assume the 
membrane to be divided into five sections by circles of radii 1-2, 1-4, 1-6 
and 1-8 and use an average value for the radius of each section. If also 
trial values for K are adopted, namely 9-8 and 9-9, 39-4 and 39:5, 88:8 
and 88-9, then for each value of K the elements of the successive 
matrices corresponding to the five sections are all numerically deter- 
minate. The value of y, at r = 1 is arbitrary: hence we may adopt as 
initial conditions y(1) = {0,1} and deduce the end conditions y(2). 
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Computation of y,(2) for various values of K 


K=98 K=99 
Matrix {Ya» Yo} Matrix {41 Ya} 
08211 0-1713 θ᾽ 0.81983 0:1712 0 
-1 6184 0.6610 ] -1 6941 0-6652 1 
0:8195 0-1737 0-1713 0:8177 0-1736 0-1712 
—1-7021 0-6875 06670 --1.1186 0-6858 0-6652 
0-8184 0-1753 0-2562 0:8166 01752 0-2555 | 
~1-7183 0-7027 0-1670 ~1-7349 0-7009 0-1620 
0:8174 0-1767 0-2389 0:8156 0-1767 0-2370 
~1-7321 0-7149 —0-3229 1/7489 0-7131 -0-3297 
1-8-2-0 0:8166 0-1778 0-1382 0-8148 0-1776 0-1350 
-1-7425 0-7241 ~0-6446 ~1-7584 0-7225 —0-6496 
2-0 ΞΕ oie —0-0018 ss = —0-0054 


ἵν.» Ys} 


0-3847 0: 0 
—5-4626 0- 1 


0-3429 0-1386 
— 5-5359 0-2238 


0-3387 0-0790 
- §-5915 —0-7144 


0-3472 0-1386 
—5-4728 0-2226 


0-3415 0-1404 
- 5-5463 0-2348 


0-3374 0-1418 
— 5-6020 0:2438 


0-3354 
— 56327 


0-3328 
— 5°6666 


— 0-2675 


— 00746 


- 0-6168 


— 90-1132 
0-2645 


0-0004 


0-0924 
—0-3219 


0-3340 
~ §-6433 


— 0-3314 
-- 5-6773 


- 0-2501 
— 8-3218 


~ 0-2686 


0-1429 
0-2511 


0-1437 
0:2566 


0-0936 
— 0-3213 


0-0952 
-0-3191 


0-0958 
~— 0-3183 


— 90-3228 


0-0758 
0-2041 


~— 0-0008 
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Linear interpolation between the δε τῳ of Καὶ can then be used to 
give the value of K for which y,(2) = 

The results are summarised in Table 15:1. The actual spinpitations 
of the elements of the matrices Α΄, are not tabulated; they are similar 
to those of Example No. 3 for each value of K adopted, except that 
in this case the scalar factor 603, is absorbed into the matrices for 
convenience. Since the initial conditions y(1) are prescribed, the 
columns y are computed in succession until y,(2) is deduced. This 
differs slightly from zero for each approximate value of K chosen. 
Interpolation to make y,(2) = 0 gives the values K = 9-750, 39-36, 
88-70, which agree very closely with the values 9-753, 39-35, 88-72 
found from the tables of Bessel functions. 

The mode of displacement, which is given by y,(1), ψ.(1.2), ν.(1.4), 
y,(1-6), y,(1°8) and y,(2), can be deduced by interpolation, or by re- 
calculation using the more exact values of K. 


CHAPTER VIII 
KINEMATICS AND DYNAMICS OF SYSTEMS 


Part I. FRAMES oF REFERENCE AND KINEMATICS 


8-1. Frames of Reference. Before taking up the subject of 
dynamics, we shall first deal with changes of reference axes, and with 
the analysis of motion quite apart from the question of the causation 
of the motion. — 

The positions which the points of any sec system, or the 
particles of any material system, occupy at any instant, relative to a 


3 


Fig. 8-1-1 


datum body (e.g. the earth) can be specified by the Cartesian co- 
ordinates of these points or particles referred to a system of rectangular 
axes Ox,, Ox,, Ox,—or frame of reference O(a,,2,,x”,)—fixed in 
that body. In usual practical applications the specification of position 
with reference to such a fixed frame of reference is treated as absolute; 
and it is convenient to regard the time-rates of change of the co- 
ordinates as defining “absolute velocity” and “absolute acceleration’. 
It is frequently helpful to adopt in conjunction with the fixed axes 
one or more auxiliary frames of reference, such as O(z,, x, 23) in Fig. 
8-1-1, the absolute positions of which are changing in some specified 
manner with time. For the sake of definiteness we shall suppose all 
sets of axes used to be right- handed, as represented in the diagram. 
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The conventions regarding the signs of rotations are as follows. An 

axis of rotation is regarded as possessing a definite sense, and the 
convention is adopted that the positive sense of rotation about the 
axis would appear clockwise to an observer looking along the axis in 
the positive sense. For example, the positive sense of Ox, is from O to 
“δε, and ἃ positive rotation about Oz, would move x, towards 2s. 
The Cartesian coordinates of a general point P, referred to the fixed 
axes, will hereafter be denoted as 2, 22, 23; while those of the same 
point, relative to the auxiliary axes, will be 2, 2, ζ5. At the outset we 
shall consider the simple case of two-dimensional motion. 


8-2. Change of Reference Axes in Two Dimensions. Here 
the position of the auxiliary frame of reference at any instant ¢ can be 
specified completely by the Cartesian coordinates (α;, α9) of O referred 
to the fixed axes, and by the inclination ¢ of Oz, to Ox,. 


O αι 
Fig. 8-2-1 
If €={E,, §,} and £ = {£,, £,} denote, respectively, the columns of the 
components of any vector V in the plane, measured parallel to the 
fixed and the auxiliary axes, then 
ἔπι, = eevee (1) 
in which =| cos ᾧ A | | 
—sing cos¢d 
The matrix 1 is orthogonal (866 ὃ 1-17) since 
. Fs ᾿ —sin 4 =F, 
f sing cos 


ἐξα τάξον τα ἀπὸ owl od andl Lp ὁ) 
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sine p=¢ denotes the angular velocity of the moving frame. For 


brevity we shall write eee ° = | 
p 0 


On differentiation with respect to ¢ equation (1) yields 


ἀξ 175 4 aly 
dt dt + ai 
whence by (2) and (1) 
1% ὅδ σᾷ = (ID+o)E. 


Now by (1) 1% represents the components of the time-rate of change 


of the vector V, measured in the directions of the moving axes at time f. 
In other words the components of the time-rate of change of any 

vector measured in the directions of the moving axes are obtained 
_ from the components £ of the vector itself in the same directions by the 
operation [D+ performed on &. For instance, if V represents the 
absolute position of a general point P of the plane, then x = U(a—a), 


or la = la+2z. Hence the components of the velocity of P measured - 


parallel to the axes Oz, and Ox, are given by _ 
ο΄ γε (ID+0) (la+z). Set (3) 


In particular, if the components of the velocity of O in the same direc- 
tions are denoted by u, then wu = (ID +7) la, so that (3) may be written 


y= ut+(ID+o)2. 


Similarly, if the components of the acceleration of P measured parallel 
to the moving axes are a, then 


a=(ID+o)v. 


These formulae can, of course, also be established by quite elementary | 


methods, but the treatment adopted has certain attractions when 
generalized to three dimensions. 


EXAMPLES 
(i) Matrices Representing Finite Rotations. If ¢ is increased to 
g+, then I becomes 


| cos (ᾧ + w) ens hen |ΞΦ] COS W ino 
~—sin(g?+w) cos(?+w)| [L—sinw cosw 
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Hence premultiplication of I by the matrix 
aaa | cos@ sin ’] 
[-sinw cosw 
is equivalent to a rotation of the frame O(x,,7,) through an angle w 


about the normal axis through O. More generally, any succession of 
such rotations @,, ὡς; ..-,,, Will be represented by 


L, = ρίω,) ρίω, .) «++ ρ(ωᾳ) P(W4) b= ρίω, Ἔ ὠς. «-Ἑ ..-- ως Ἔ ὡμ) ἢ. 
Τέω, = ὦ, 1.-Ξ...Ξ @, = 28π|τν, where 8 is any integer, then after the 
complete cycle of ‘rotations the frame is returned to its original position 
and [ p(2s7/n)]" = I,. Hence the matrices p( 2877/7) are all nth roots of J,. 


(ii) Determination of the Axes of a Central Conic. The equation of 
a conic referred to axes O(2,,2%,) through the centre may be written 
a’ase = 1, where a is a symmetrical square matrix. When referred to— 
any other frame of reference O(2x,,x,) through O the equation becomes 
a'bz = 1, where ὃ denotes the symmetrical matrix lal- or lal’ (see 
also § 1-15). If Lis chosen so that ὃ is a diagonal matrix, say 


a μὰ a 


then a, and ας will be the semi-axes. In this case 


ὦ" 0 18, 
0 1Ι|αῇ 


so that 1/a? Ξε A, and 1/a2 Ξε A, are the latent roots of ὦ (see ὃ 8.6). 
Moreover l,, and l,, will be proportional to the elements in any column 
(or row) of the adjoint of A, 1 —a. The directions of the axes are then 
given by οοὐ ὁ = U,/he. 
For instance, if the given conic is 
3x2 + 2x, 2%, + 322 = 8, 
then a= k H ; 
$ ἢ 

and the latent roots of this matrix are found to be A, = ὁ and A, = }. 
Hence the semi-axes are @, = " and ας =2. Again, the adjoint of 
AI ~—a is | 1 8λ.--. 1 

sae 1 8A | 
and the rows are proportional to [1,1] for A, = $ and to [—1, 1] for 
A, = }. Hence, if the axis Ox, is taken to carmesaonil to A, = 3, we 
have cot ¢ = 1. The inclination of the minor axis is thus 45° to Ox,. 
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8.3. Angular Coordinates of a Three-Dimensional Moving 
Frame of Reference. To specify the (absolute) orientation of a 
_ frame of reference in three dimensions three independent parameters 
are required. These may be chosen in various ways. The method 
which is usual in investigations concerning the motion of aeroplanes* 
is @ modification of the system of “angular coordinates”’ originally 
introduced by Euler. 

As we are at present concerned only with the re of orientation, 
we may temporarily suppose O and O in Fig. 8-1-1 to be coincident. 


ὦ Oa oS ὦ wanes ὦ 


Ἢ 


Po wpe : . a 
ΚΟ 
sf ἰ ν᾿ ἊΝ 

/ 


With O as centre, draw a sphere of unit radius to intersect the fixed 
and the moving sets of axes in X,, X,, X,and X,, Xp, X, (see Fig. 8-31). 
In the original system of Eulerian coordinates the frame O(X,, X>, Xs) 
is viewed as displaced to the position O(X,, X,,_X,) by three successive 
rotations which are not actually represented in Fig. 8-3-1. Firstly, a 
rotation about OX, brings X, to some intermediate position X}; a 
rotation about OX; next brings X, to X,; lastly a rotation about OX, 
brings the frame to its final position. In the modified system (specified 
in Fig. 8-3-1) the successive rotations are ga, Po, $1, respectively, about 
the successive carried positions of the axes OX,, OX,, OX,. For brevity 


᾿ς * See, for instance, p. 251 of Ref. 27. 
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a succession of rotations such as that represented in Fig. 8-3-1 will be 
called a sequence of rotations ¢3, $2, 6, about the carried axes taken 
in the order OX,, OX,, OX. 


8.4. The Orthogonal Matrix of Transformation. The com- 
ponents &,, &, ἕξ: and &,, &., ξ3 of any vector measured respectively 
parallel to the fixed axes and to the moving axes in Fig. 8-1-1 will be 
connected by the linear substitution - 

E= EE, 5 0 ἀρ οι (1) 

in which F=f, be sl, 

Us, lg bag 

Us Uso E35 
and ἢ... U2, #,3 denote the direction cosines of the typical moving axis 
OX, referred to the fixed axes. More generally, if M is a (3,2) matrix 
representing the components of any n vectors parallel to the fixed 
axes, and if M is the corresponding matrix of vector components 
parallel to the moving axes, then M = IM. In particular, suppose Τ᾿ 
to be the unit matrix J, corresponding to the three unit vectors parallel 
to the moving axes. Then it is easy to see from Fig. 8-1-1 that M =I, 
so that J, = ll’. The matrix of transformation is accordingly ortho- 
gonal. Particular properties to be noted are that [{| = 1, and that, 
_ since l’ is also the adjoint of l, every element of l equals its own cofactor. - 


_ 8:5. Matrices Representing Finite Rotations of a Frame of 
Reference. Suppose the frame O(z,,2,, 25) in Fig. 8-1-1 to be rotated 
about the axis Ox, through an angle ὦ to a new position O(z,, 2f, x), 


and let ἔ become =[h, le lel. 


hm i us 
i Ue is 
‘Then since Ox} is perpendicular to Ox,, and inclined at angles ὦ and 
47 —w to Ox, and Ox,, respectively, we have by the properties of 
direction cosines ΚΣ, Ut, ΤῈ} = {0, cos.v, sino}, 
and similarly UT 1. ΠᾺ} = {0, —sinw, cos w}. 
It follows that a 
w=, GH B)=fi 0 0 ; 
ἔς  & 0 cosw —sinw 
L, & & 0 sinw cosw 
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whence by transposition and use of the orthogonal property, 
“iL=f1 0 66 Ἴ|. 
0 cosw sinw 
0 —siNnw cosw 
Writing this relation as L=p(ol — ——aaaeee (1) 
we see that the premultiplication of ἃ by p,(w) corresponds to the 
rotation of the frame O(2,, 2,23) through an angle ὦ about the axis 
Ox,. Similarly, the premultipliers 
pP,w)={cosw 0. —sinw 
0 1 0 
smw Ὁ cosw 
and p;(v)=[ cosw snw 0 
|—sinw cosw 0 
0 0 41 
correspond to rotations ὦ of the frame about Ox, and Οἷς, respectively. 


The matrices p,, P,, ps have the characteristic orthogonal property 
p- = p’; also it can be verified that 


dp, [0 0 07. dp, [ 0 0 17 
"de 10 0-11 * dw 0 0 of’ 
01 0 -~1 0 0 
dp, [0-1 0 
eee et 9 
0 00 


If the frame is given a sequence of three rotations ὡς, ὡς, w,, the first 
being about Ox, and the others being about the successive carried 
positions of Ox, and Oz,, then 

E, = ρι(ω,) ρᾳ(ω;) ρᾳᾳῳ,),, nae (3) 
where I, now is the matrix of transformation for the final position. 
The order of these rotations is, of course, not commutative in general. 
However, in the special case where the angles of rotation are infinitesi- 
mally small; say dw, dw,, dw,, then the last equation gives _ 

l+dU=—[ 1 do, O1[ 1 0 —de,]f1 0 071, 
πὼς 1 0100 1 0 flo 1 &, 
0 :0. Iff[d, 0 1 [|[0 -d, 1 
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or sl=[ 0 80, --δω,]. | 
—dw, 0 OW, 
60, --δωυω 0 
The order in which such infinitesimal rotations are performed is thus 


immaterial. If the total time of the operation is δέ, then in the limit 
(see also (8°2:2)) | | 


a7 | = 
(oe τ Ὲ Shay Ps Pt leg, BAY, «ss aewese (4) 
t b Ps 0 —-P 
—Po Py 9 


in which p,, a, Ps ate the instantaneous angular velocities of the 
moving frame about the axes Ox,, Ox,, O2x,, respectively. 


EXAMPLES 
(i) A Property of the Matrix τ᾽. It can at once be verified that, if 
Yi» Yor Yg are arbitrary, then 
0 πῷς Pe |[%i]t+[ 9 —¥s Yel [Pi] = 9 
Ps O —Pi}]¥2 Y3 0 -Y¥1| | Pe 
—P, Pr 09. SLY —Y¥. γι OFLPs 
This identity will be useful later. 
(ii) Postmultiplications Representing Rotations. Equation (1) can be 
written alternatively as l, = lo,(w), where 
| o(w)=U plo) ae (6) 
Direct multiplication of the ores ἵ pilot yields the somewhat 


cumbrous expression 


σι(ω) = ‘cos w I,+(1—cos ὡ) {i bie, Lis} thi Le, bs] 
+ sin @ 0 Ls maa Le 6 


-ς 9 ly 
ἴω —hi 0 
A more elegant form, whose verification may be left to the reader, is 
σχ(ω) = (B') 1 B, Ξοῦθον {1} 
where ΒΞ 1 —— bgtandw «= — 1, tan jo]. 
—I,, tan 4@ 1 I,, tan $a 


Letanjwo —l,,tanjw 1 
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(iii) Rotation of Frame O(a, 14, τᾳ) about a General Axis through O. 
Suppose the given general axis to be OX,, and let OX,, OX, be any 
two further axes which together with OX, form an orthogonal frame 
whose matrix is [,,]. Now imagine the frame O(x,, 22, x3) to be rigidly 
attached to the frame O(X,, X,,X,), and take points on the axes 
Ox,, Ox,, Ox, at unit distance from O. Then denoting the columns of 
the coordinates of these points relative to the frame O(X,, X2, X3) 88 
ξ, 9, ¢, we have by an obvious application of (8-4-1) 


[ξ,η, 6] = LV. 
But the sets of coordinates £, 7, € are unchanged when the frame 
O(X,, X., X5) is given a rotation ὦ about OX,. Hence also 
[6,96] = ρι(ω) 141, 
where l, is the matrix appropriate to the new position of the frame 
O(21, 13,34). It follows that Ll’ = p,(w) Ll, which gives 


L=U'po)Do nae (8) 
Hence on application of (6) and (7) 
U, = UB’) B, ete (9) 
where B= ] L,,tanjw —L,,tan}w]. ......(10) 
— E,, tan 4w 1 L,, tan 4a 
L,,tanjo —L,,tan4w 1 


Note that if the frame O(X,, X_,X,) coincides with O(x,, 2,23), 80 
that L = l, then the formula (8) immediately reduces to (1). 


(iv) Rodrigues’ Formula. This formula states that if a rigid body is 
turned through an angle w about an axis through the origin O whose 
direction cosines are (L,,,L,,,L,3), and if (a,,a,,%3) and (x*, αἴ, 2%) 
are the coordinates, referred to fixed axes, of any point P of the body 
before and after the rotation, then 

B'x = Ba*, 
where B is as defined by (10). This formula can be deduced as follows. 
Suppose (2%,, 22, 73) to be the coordinates of P referred to any orthogonal 
frame of reference fixed in the body and passing through O. Then if lt 
is the matrix of this frame, we have by (8-4-1) and (9) 


ᾳ = le=1,2* = UB’) Bar. 
Rodrigues’ formula immediately follows. | 
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8.6. Matrix of Transformation and Instantaneous Angular 
Velocities Expressed in Angular Coordinates. We shall next 
apply (8-5-3) to the particular sequence of rotations represented by 
Fig. 8-3-1. If {now denotes the matrix for the final position, then clearly 


U = ρ((φ,) Pole) Ps(Ps) tee (1) 
and | U1 = p3(hs) ραᾳ(φε)ρι(φ).. tees (2) 
The product (1) yields | 
l= δ δὰ; 6483» --δ2η],, siadas (3) 
— C183 Ὁ ϑ8ι85905, C1 Cg+818:83, 8105 
8,83+C,8_Cg, -- 8105 tC 18:83, C1 Cg 


where ¢,, 8, are abbreviations for cos ¢,, sin ;. This formula gives the 
direction cosines of the moving axes Ser μων in terms of the angular 
coordinates of the frame. 

Corresponding formulae for the instantaneous angular velocities 
Pi» Da» Ῥᾳ (see § 8-5) can be obtained as follows. Using (8-5-4) in con- 
junction with (1) and (2), we have | 


- dl ; dp, ,, , ,dpy , ες, , ap; 

Ό - i = prprpa(d ad P2Pi+ Paps Ὥς pit desesagt] ’ 
which on application of (8-5-2) gives 
w= $sP;P[9 —1 0 ριριἜφερί 9 9 1] p1+¢,f0 0 0 


1 0 0 0 0 0 0 0-1 
0 0 0 -1 0 0 01 0 
After some reduction this yields 
τό -Ξ ς 0, — οφοχῴς Ὁ 8χιΦ., C28, P3+ Cry : 
CaCr ps — 819s, 0, ϑρφῴς -- 
--οφϑεῴᾳ -- οχῴς, — 83+ dy, 0 


Hence on comparison of (4) and (8-5-4) 
Pi = ¢,—$38in gg, 7 
Py = $,.008 ¢,+¢,8in φιοοβῴ. fo 0 5:5 (5) 
DP, = —9,8in $, + ᾧς 008 ¢, 008 $s. 
These relations may be written conveniently 
| p = Rd, |  ὴ (6) 
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where R=fl 0 ᾽ —sin Φ, 
0 οοβῴ, sin ᾧ, ὁοβ ᾧςᾳ 
0 —sing, cos¢,cos¢, 
The reciprocal of R is 
{ΠῚ = secg,[cosd, sing, sind, cos¢, sing, 
0 cos¢,cosd, —sing, cosd, 
0 sin ὁ, cos ᾧ, 


Similar methods may be used with any other vem of angular 
coordinates. 


8:7. Components of Velocity and Acceleration. As in §8-4 
let ξ and ξ represent, respectively, the components of any vector 
measured parallel to the fixed axes Ox,, Ox,, Ow, and to the moving 
axes Ox,, Ox,, Οἷς. Then by differentiation of (8-4-1) with respect to ¢ 
and application of (8-5-4) it is seen exactly as in § 8-2 that the com- 
ponents of the time-rate of change of the vector, measured in the 
directions of the moving axes at time ἐ, are given by the operation 
ID +a performed on &. 

In particular, let the column x denote the coordinates of a general 
point or particle P at any instant relative to the moving axes; let τ, 
v denote respectively the components of the absolute velocity of O 
and of P; and let a denote the components of the acceleration of L, 
all measured in the directions of the moving axes. Then as in § 8-2 

τς v=Ut+(LD+m)e unre (1) 
and. a= (ID+o0)u= (ID+o0)u+(ID4+o0)*x «..Ψ..ς (2) 

If P is a point of a rigid body and the axes O(2,, 2,23) are fixed in 
the body (i.e. are body axes), then the coordinates x do not change as 
the body moves, and equations (1) and (2) reduce to 


USEU+0X%, hee (3) 
a= (ID+0)u+(Do+a")z. ἘΞ. (4) 
Equation (3) can be written alternatively as (see (8°5- yy 
| v=U—-XP, _ #8 geedes (5) 
where X=[ 0 --ῖς ἅς | 
| % 0 —2, 
—%, ἃ «290 


Expressions for the matrices | and τὸ in terms of the angular co-— 
ordinates ¢ of the moving axes are given in § 8:6. 
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7 | EXAMPLES 
(i) Kanetic Energy ad a Rigid aed The kinetic oe T is given by 
where m is the mass of a pian wae and Σὺ denotes summation 
for all the particles. If the moving axes are fixed in the body, then by (5) 
27 = Yom(u' — px’) (U— XP) 
= L)m(u'u— 2u'xp — p'x*p), 
since χ' = —y and u'yp = p’x’u. If, further, O is the centre of mass, 


so that 2, my = 0, then 
| 2T = Mu'u+p'Jp, 


where M is the total mass and J denotes the symmetrical square matrix 


=—~Y,my=[D,m(az+23) -- Σοῦ, -- Umer, 2; 
| -- Lip MI_X Σ 9 (x3 +2 2) — Lig MAX 


(ii) Angular Momenta. If h,, he, hy are the angular momenta about 
body axes O(2x,,%g,%,) through the centre of mass, then it is readily 
shown that h = Ip 


where J is given by (6). The components of the time-rate of the angular 
momentum are accordingly ~ 
= (ID+o) Jp. a (7) 

(iii) The Principal Axes and Moments of Inertia. Suppose the 
moments and products of inertia of a rigid body appropriate to the 
axes Ox,, Ox,, Oat, (see Fig. 8-1-1) to be known. It is required to find 
the corresponding constants for another set of axes Ox,, Ox,, Os, 
derived by the matrix of transformation I. In particular it is required 
to find the principal axes, for which all the products of inertia vanish. 


Write G=T = ἡ mr? Xo MI,Le Xp MEL |, 


xXymer,x, mx LMI,F, 
Lp MHz, Xp Mx,£, Umz2z | 
and let @ be the corresponding matrix with the coordinates x sub- 
stituted for x. Then 
G = Iymaz' = Xi miez' > = IG. 


258 PRINCIPAL AXES | 8:7 
If the new axes are principal axes, @ reduces to the diagonal matrix — 


Ly mrt 0 0 
0 ip mag Ἂ 
oo ὃ0 Σὼ 


=[4(4,+A,—A,) 0 0 p 


0 3(4,+A4,—A,) 0 
0 | 0 4(A,+A,—As) 


where A,, A,, A, are the moments of inertia about the principal axes. 
Hence the diagonal elements in the last matrix are the latent roots 
Ay, Ag, Ag of G, so that A, =A,+A,, 4g =A,+A, and A, =A, +A,. 
Moreover, the first row of elements in ἔ (which yield the direction 
cosines of the principal axis corresponding to A,) will be proportional 
to any row of the adjoint of A,J—G. The other two rows of I are 
given similarly. | 

A similar method can be used to find the axes of a central quadric 
(see also example (ii) of § 8-2). As a numerical illustration suppose the 
given quadric to be x'ux = 1, where | 

uw=[ 1 065 0-5]. 
05 1 06 
05 06 1} 

The latent roots of u are A, = 0-5, A, = 0-5 and A, = 2, so that the 
equation represents an ellipsoid the semi-axes of which are ,/2, ,/2 and 
_ 1/./2. The direction cosines of the short principal axis are (1 /¥3, 
1/,/3, 1/./3), which are taken proportional to the first row of the 
adjoint of A,I—u. For the equal roots A, and A,, the adjoint AI —u 
is null, and the directions of the corresponding equal axes are obviously 
indeterminate. 

(iv) Homogeneous Strain. Let αΣ represent the coordinates of a point 
and write X=ae. (8) 


where a is a square matrix of given constants. Then the field of points 
X is said to be derived from the field 2 by a homogeneous strain. An 
equivalent statement is that X is a linear vector function of x. 

Take three points at unit distance from the origin, and let the three 
lines joining the points to the origin be at right angles. Then the three 
columns formed by the coordinates of the points tan be combined into 
& single orthogonal square matrix S(a). A problem which sometimes 
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arises is to find S(x) so that the square matrix S(X) of the trans- 
formed poe shall have the general — property 

S(X)S(X)=d, wees (9) 
where ὦ is a diagonal matrix. In other μιν ἢ it is required to find a set 
of three mutually perpendicular directions which remain ἸΛΟΘΙΔΙΥ 
perpendicular after the strain. 

By equation (8) it follows that S(X) = aS(x). Hence the condition 
(9) becomes S'(x) a’aS(x) = 5-1(α) bS(a) = d 
where ὦ is the symmetrical matrix a’a. Accordingly S(x#) can be 
identified with the modal matrix k of ὃ, and ὦ is the diagonal matrix 
of the latent roots of ὁ. 

_ In the special case where a is symmetrical, b=a?, and then ὃ anda a 
have the same modal matrix. Hence X = Az, if x is identified with a 
column of k, and A is the corresponding latent root. Thus the lines 
joining the points x and X to the origin have the same directions, so 
that the set of three mutually perpendicular lines have the same direc- 
tions before and after the strain. In this case the strain is said to be 
pure. In general (8) represents a pure strain combined with a rotation. 


8-8. Kinematic Constraint of a Rigid Body. The position of 
a rigid body at any instant is defined uniquely by the position of any 
convenient rectangular frame of reference O(x,,27,,%3) fixed in that 
body. Now the position of the body axes can be specified by six para- 
meters—for instance, the Cartesian coordinates a of O, referred to fixed 
axes, and three angular coordinates ¢. Hence, unless definite relations 
are assigned between the six parameters, the rigid body has six degrees 
of freedom. These degrees of freedom may be taken to correspond to 
the positional coordinates just mentioned, or to any other equivalent 
set. If, on the other hand, relations are assigned between the posi- 
tional coordinates, the body will be subject to geometric or kinematic 
constraint, and it will then have less than six degrees of freedom. 

A very simple example of constraint would be fixture of one point 
of the body. Again, a point might be restricted to lie on a fixed surface, 
or to lie on a surface or curved guide which is itself forced to move in 
ὦ prescribed manner. These constraints can all be represented by 
functional relations connecting the positional coordinates and possibly 
also the time variable ¢. 

More general types of constraint can occur in which sliding or rolling 
contact is imposed between the body and fixed or movable guides. 
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_ The restricting conditions may then consist of relations involving the 
_ time-rates of change of the positional coordinates. When these relations 
can be integrated without further knowledge of the motion, so that 
they may be replaced by equivalent conditions explicitly connecting 
the positional coordinates and possibly the time variable, the con- 
straint is said to be holonomous.* When the kinematic conditions are 
not explicitly integrable the constraint is non-holonomous. 


EXAMPLE 


Non-Holonomous Constraint. Suppose 8. sphere of radius R and 
centre O to roll (without sliding) on the fixed plane x, = R. Choose 
auxiliary rectangular axes O(2x,,22,%,) carried by the sphere and 
initially coincident with the fixed frame of reference O(a,, 2,23). 
At time ¢ let O be at (α,, ας, 0) and let the angular coordinates of 
the sphere be ¢,, dg, 6, (see Fig. 8-3-1). Then if #2 and x denote the 
columns of the coordinates of a general point P of the sphere at time 
t, referred to the fixed axes and the body axes respectively, we have by 
(8-4-1) x = Ka—a), where ἢ is given by (8-6-3). Moreover, since P 
moves with the sphere we have by differentiation 0 = “(ὦ -- ἀ) -- ἴ(α -- α). 
Now if the point considered is in contact with the plane at time ¢, 
then ὦ = {a,,a,, R}. Moreover, since there is no slip at the point of 
contact, the total velocity components of P must vanish, so that 
# = 0. Hence the equation of constraint is 

[(ἀ,, dy, 0} = U{0, 0, R}. 
If (8-6-3) is used to express land lin terms of the angular coordinates, 
the last equation yields the two independent conditions 


a, sin ᾧς — d, cos ¢, = — Rd, cos gp. 
These are non-integrable, so that the constraint imposed is ndn- 


holonomous. The sphere has three degrees of freedom so long as it 


remains in contact with the plane and no slipping occurs. If there were 
nothing to prevent the sphere from leaving the plane on one side, the 
constraint would be described as ‘‘ one-sided’. . 


8:9. Systems of Rigid Bodies and Generalised Coordinates. 
The conception of positional coordinates can be generalised to apply 
to any system of rigid bodies or particles. Such a system may include 


* Also holonomic. The term was introduced by Hertz to denote a constraint expressed 
by integral—as distinct from differential—relations. 
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certain bodies which, though possibly kinematically constrained, 
nevertheless have no direct geometric linkage with other members of 
the system: more usually the various bodies will be connected together 
in some way. It is evident that any possible configuration of the whole 
system can be specified completely by means of a suitable set of 
parameters or generalised coordinates, whose number will depend on 
the number of the bodies and of the kinematic constraints. 

The equations which represent the constraints mathematically will 
in general consist of a set of relations between the generalised co- 
ordinates, and the time-rates of change of these coordinates. We shall, 
however, be mainly concerned with cases in which these equations are 
directly integrable, so that they yield an equivalent set of relations 
explicitly connecting only the generalised coordinates and possibly 
also the time variable ¢. Restricting attention to such holonomous 
systems, we see that the configuration at any instant can be com- 
pletely specified by a set of s generalised coordinates, in conjunction 
with, say, r independent relations connecting these coordinates and 
possibly also involving t. The total number of effectively independent 
_ generalised coordinates will thus be m = s—7r, and will equal the total 
number of degrees of freedom of the system. | 

In the case of the single rigid body considered in ὃ 8.7, ἃ typical point 
P of the body was identified by means of its Cartesian coordinates 7, 
referred to a set of axes carried by the body. The Cartesian coordinates 
x of P, referred to the fixed frame of reference O(#,, αἷς, 85), were then 
expressible in terms of z and the positional coordinates a and ¢ of 
the body. Similarly, with a system of rigid bodies, it will be possible 
to identify a particular point or particle P of the system by a set of 
parameters (corresponding to 2) and to express the Cartesian co-— 
ordinates α of P, referred to fixed axes, in terms of those parameters 
and the generalised coordinates of the system. Suppose the set of 
parameters relevant to P to be denoted for convenience by the single 
symbol a, and as usual let 4)» 42» «++ Im be the m effectively independent 
generalised coordinates of the system. Then the functional dependence 
of ὦ on a, g (and possibly also ἐ) will be expressible as 


By = [((41» 48» «++ Um ἦ» α)» 

| Ly = δία Jas +++» ἄρ ἵν a), 

| as = fa(11» 45» +++» Im ts &)s 
or more briefly as we =f (G1 42» --..«(η» ᾽ν, ttt (1) 
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where a, f denote column matrices. These equations will be referred 
to as the geometrical equations of the system. 

Since the parameters « are assumed to be invariable with time, 
equation (1) yields on total differentiation with respect to ¢ 


δ᾽ πὸ 9 
ΒΞ δὲ ἡ ῸΣ Φ; πῃ ὁ (2) 


The quantities ᾧ; are termed the generalised components of velocity or 
simply the generalised velocities. Similarly, the quantities g, are spoken 
of as the generalised accelerations. | 


Part II. Starics anp Dywamics or SysTEMsS 


8:10. Virtual Work and the Conditions of Equilibrium. 
The conditions of equilibrium of a system are most conveniently 
obtained by an application of the principle of virtual work. 

If a system of forces which act on a single particle is in equilibrium, 
then no work will be done in any displacement of the particle, provided 
that the forces remain constant in magnitude and direction during 
the displacement. Conversely, if the work done, as calculated on the 


foregoing assumption, is zero in any possible displacement of the _ 


particle, then the forces acting on the particle must be in equilibrium. 
It is true that in most actual cases the forces do vary as their point of 
application is moved, but for the purpose exclusively of a test for 
equilibrium they must be supposed to remain constant. Any actual 
changes in the forces due to motion of the point of application affect 
stability, but not equilibrium. | 

Next consider a system of particles, connected or unconnected. It 
would be possible to test the equilibrium of each particle separately 
by a calculation of the work done in an arbitrary displacement. Since 
in such a calculation the forces, if any, between the particles them- 
selves would have to be included, the method would offer no practical 
advantage. However, suppose all the displacements considered to be 
infinitesimal and such that they do not violate any of the rigid con- 
nections or frictionless constraints of the system: then it is easily 
shown* that the forces corresponding to such connections or constraints 
do not enter into the expression for the virtual work of the system 
as a whole. | | 

* See, for instance, p. 167 of Ref. 28. 
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The time variable does not enter into the discussion of static 
equilibrium. Any given configuration of the system is assumed to be 
completely specified by the m generalised coordinates q, and our object 
is to decide whether that particular configuration satisfies the con- 
ditions of equilibrium. Suppose X,, X,, X; to represent the com- 
_ ponents of a force applied at the point whose coordinates are 2,, ὅδ, Xs 
and let X, α denote the corresponding columns. Then the total work 
done in the displacement is given by 

éW = Συ Χ' δῶ, 
where Σὺ denotes summation extending to all the particles and applied 


forces. If the virtual displacement given corresponds to increments 
éq, of the generalised coordinates, then by (8-9-1) 


τῇ of 
dae = re 
Σ 1 Ode 04; 
and the total work can accordingly be expressed as 


SW = Ρ'δᾳ = (8q') P, 

where δ denotes the column of the increments δᾷ,, and P represents 

the column of the quantities | 
of 
P, = 1X’ =>. 

ann. | 

For equilibrium 8W must be zero for all possible virtual displacements, 
i.e. for all ratios of the increments ég,. The condition for equilibrium 


It is usual to call P, the generalised component of force (or more briefly 
the generalised force) corresponding to q,, but it should be noted that 
P, has not necessarily the physical dimensions of a force. For instance, 
if g, denotes an angle, P; has the dimensions of a moment. 


8°11. Conservative and Non-Conservative Fields of Force. 
Certain of the forces applied to the system may have the distinctive 
property that the work done by them when the system is given & 
displacement depends solely on the initial and the final configurations. 
Such forces are said to be conservative. 

Suppose the generalised coordinates q to have the values Q for some 
datum configuration. Then the work done by the conservative forces 
when the system is displaced from g to @ will be a definite function V 
of the coordinates g which is termed the potential energy. It follows 
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that the work done by such forces in an arbitrary infinitesimal dis- 
placement dg is given by 6W = —(dq’) [πὶ , where (52 denotes the 
: i é 
column ἊᾺ ; av ieee a . Hence if the part of the typical generalised 
091° 09a’ 80m 
force arising from the non-conservative forces be P,, then the total 


generalised force will be given by 
ΟΡ 


Pes —~—SC~— Gd 1 
t 4 0q; (1) 


If the field of force is wholly conservative, then the conditions of 


equilibrium are [τ] = 0. These require the potential energy to be 


stationary. If further the potential energy is a minimum for the 
equilibrium position, this position is stable.+ 
An important special case is that in which V is a homogeneous 

quadratic function of the coordinates g. The potential energy will be 
expressible in this way when the values of the coordinates appropriate 
to the position of equilibrium under zero external load are chosen to 
be zero and the displacements from this position are always small. Then 

V =39 Eg, 
where H is ἃ symmetrical square matrix. Hence (compare (2-8-3)) 

0 

[ au, | fs ee (2) 

so that the conditions of equilibrium are briefly 
Eq =P. 

In systems where aerodynamical forces play a part, it usually happens 
that, while these forces are not conservative, yet they are linearly 
expressible in terms of the displacements by means of aerodynamical 
derivatives.{ Suppose the contribution of these forces to P to be 
written —Wq+, and let P* be the part of P due to the remaining 
forces, if any. Then the typical condition of equilibrium is 

C¢q=w+P*, | 
where C= W + EH. The square matrix C (which is not in general sym- 
metrical) is termed the stiffness matrix, and its elements are the 
stiffness coefficients, or simply the stiffnesses. Each stiffness is the sum 
of two terms, namely an aerodynamical stiffness which originates from 
the air forces, and an elastic sti ffness which actually represents the 


+ See, for instance, ὃ 86 of Ref. 29. 3 { See also § 9-5. 
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influence of all the conservative forces. Provided C is not singulart 
the last equation may be premultiplied by ® = C— to give 

qg = D(w+ P*). 
The matrix ᾧ is called the flexibility matrix, and its elements are the 
flexibility coefficients, or the flexibilities.t It will be noted that τὸ 
represents the generalised wind forces appropriate to the configuration 
for which the coordinates g are zero. 


EXAMPLES 


(i) Reciprocal Theorem for a Conservative System. Suppose any two . 
external load systems (1) and §8(2) to be applied, and let the corre- 
sponding displacements be g(1) and q(2). Then the conditions for 


equilibrium after either displacement are  -- [τ , = 0. Hence by 


(2), since # is symmetrical, - 
q'(1) B(2) =9'(1) Κὶ φ(2) = φ'(2) Κὶ 4(1) = φί(2) (1). 

These reciprocal relations are valid for any number of degrees of 
freedom, and the theorem is in fact true for a continuous elastic body. 

(ii) Principal Directions of Loading at a Point of an Elastic Body or 
Structure. A principal direction at a point P is such that a load applied 
to P in that direction displaces P in the same direction. Let unit | 
force applied in the direction Ox, give component displacements 
δι.» 5,:, δι1: and similarly, let the displacements due to unit forces 
parallel to Ox,, Ox, be respectively 5,5, So, 53. and 5,3, 545, 535. By 
Hooke’s law a force with components X,, X,, X, will produce a dis- 
placement whose components d,, d,, d, are given by {d,} = [5,,] {X;}, 
or say d@ = §X. Now for a load in a principal direction we require 
d = AX, where A is a scalar multiplier: hence 

(AI -- δ) X = 0. 

It can be shown that the principle of the conservation of enérgy will 
be violated unless § is symmetrical. For example, if the point P be | 
made to describe a closed rectangular path with its sides parallel to 
Oz, and Ox,, then the whole work done in the cycle of displacement 
will not be zero unless §,, = 5,,. It then follows from the orthogonal 
property of the modal matrix of a symmetrical matrix (see example 

+ When C is singular there is no position of equilibrium unless w + ΡῈ = 0, in which case 


the system is neutral. 
1 The flexibilities are also referred to as influence numbers in the theory of beams. 
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(v) of 8.8.8) that there are three mutually perpendicular principal — 
directions at any point of the structure. The proof given shows that 
this conclusion follows merely from Hooke’s law and the principle of 
the conservation of energy. | 


8°12. Dynamical Systems. By a dynamical system is meant 
one or more rigid bodies, which, ideally, may be mere particles. The 
bodies may be quite independent, or they may be subject to constraints 
of the types already discussed in Part I of this chapter. They may 
also influence one another by direct communication of momentum by 
impact, or by communication of momentum at a distance by gravi- 
tational or electro-magnetic forces. In the last category may also be 
Included the effects of ideal massless elastic links, and—with certain 
restrictions—the reactions of a perfect fluid in which the bodies are 
immersed, _ 

A continuous elastic body is not a dynamical system according to 
the foregoing definition. Nevertheless it is possible to consider such 
8 body as the limit of a dynamical system having an indefinitely large 
number of particles with ideal massless elastic links between the 
particles. Moreover, it is often convenient to suppose ἃ continuous 
elastic body to be replaced by a body having only a finite number of 
definite modes of deformation. Such a body is said to be sems-rigid: it 
is ἃ true dynamical system possessing a finite number of degrees of 
freedom. For example, a semi-rigid cantilever beam capable of bending ~ 
according to a given law of flexural curvature can be imagined as 8 
system of infinitesimal rigid rods so geared together that their dis- 
placements accord with the given law; such a semi-rigid beam would 
have one degree of freedom. Naturally a semi-rigid body will not 
behave in the same way as its elastic counterpart in all circumstances, 
but its behaviour may sometimes be exactly the same, provided that 
the modes of distortion are properly chosen. The chief value of the 
conception of the semi-rigid body is that it permits approximate 
calculations of reasonable accuracy in cases where exact treatment is 
not mathematically feasible. For instance, the differential equations 
governing the oscillations of an aeroplane wing moving through the 
air are extremely complicated, but the stability of the wing can be in- 
vestigated approximately on the supposition that the elastic wing isa 
semi-rigid body possessing only two degrees of freedom corresponding 
to flexure and torsion.* | 

* See p. 7 of Ref. 30. 
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8:13. Equations of Motion of an Aeroplane. Before con- 
sidering dynamical systems comprising several bodies, we shall express 
in matrix form the equations of motion of a single rigid body. The 
method of construction of the equations is quite general, but for the 
sake of definiteness we shall suppose the body to be a (rigid) aeroplane 
in flight. The notation differs in some respects from that which is 
standard in aerodynamics,* but the necessary scheme of conversion 
will be stated at the end of the section. 


Le 


Fig. 813-1 


In Fig. 8-13-1 the frame O(@,,2,, 2) is fixed relative to the earth 
with Ow, vertically downwards, while Oz,, Ox,, Ox, are body axes 
through the centre of mass O of the aeroplane. The reader should 
imagine that he is viewing the aeroplane in the diagram from below. 
The axis Ox, is longitudinal and directed forwards, Oz, is drawn 
laterally to starboard, while Ox, is in the plane of symmetry and 
downwards. The six parameters used to describe the position of the 
aeroplane at any instant are to be regarded as the three rectangular 
coordinates of O referred to the fixed axes, and the three angular 
coordinates ¢,, $3, ¢s defined in ὃ 8-3. 

Let m denote the total mass of the aeroplane, and let mG, mX 
denote, respectively, the columns of the components of the weight 
and of the total remaining applied forces, measured in the directions 


* Chap. v of Ref. 27. 
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of the body axes. Also let L be the column of the moments about the 
same axes, and uw, p the columns of the components of the linear and 
the angular velocities. | 
Applying (8-7-4) and (8-7-7), and remembering that O is the centre 
of mass, we obtain the six equations of motion in the form 
(UID+m)u=X+G, anaes (1) 
UID+u0)Jp=L,  — — — — —— κως (2) 


where w and J are as defined in §§ 8-5 and 8-7, respectively. 

The expression for Οἱ in terms of the angular coordinates* ¢ is 
given immediately by equations (8.4.1) and (8-6-3). Thus, if g is the 
acceleration due to gravity, 


mG=U0,0,mg}, = hanes (3) 
or G = gn, | 
where m, =—sings; mn, = cong, sing,; ms = cos ga cos gy. 
Lastly, the angular velocities p are themselves given by | 
p=Rod, ————aranee (4) 
where ἢ is as defined in § 8-6. 


As a special case assume the aeroplane to be in steady motion. Then 
u, p, X and L are columns of constants, and equations (1) and (2) 
meauce, τὸ mu=X+gn, aaa (5) 

WIp=L.  — ——  vaceve (6) 
From (5) it follows that n is a column of constants, so that ¢, and ¢, 
are constant. Equation (4) accordingly simplifies to 
p=Qn, ——  aeacee (7) 
where ¢,=Q also is a constant. Hence in steady motion 
pp = O2n'n = Ω3. 
The simplest type of steady motion, of course, is that of steady 
rectilinear symmetrical flight. Then with Q=0 and ¢, =0, the 
conditions (5) and (6) reduce to 
X = g{sin dz, 0, cos Pa}, 
L=0 © 


_ * In relation to the present problem the angular displacements $s, $3, ¢, represent 
rotations in yaw, pitch and roll, effected successively about the carried positions of the 
body axes. 
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Addendum. The scheme of conversion to standard aeronautical 
symbols is as below: 
Matrices Equivalent in 
Used Standard Symbols 
x shes re {x, y, 2} 
{u, v, w} 
{X, Y,Z} 
{L, M,N} 
{p,9,7} 
{$,4, ¥} 
0 -r gq 
r 0 -» 
-ᾳ p Ὁ 
A - - 
-Ἢ B -Ρ 
-H - @ 


8. 8. ΒΒ SH ὃ 


ny 


8.14. Lagrange’s Equations of Motion of a Holonomous 
System. Suppose x to represent the Cartesian coordinates, referred 
to fixed axes, of a typical particle of mass m. The system will be 
assumed holonomous, so that these coordinates will be expressible 
in terms of the generalised coordinates 4,, and possibly also the time — 
variable ¢, by the geometrical equations (8-9-1). If X denotes the 
column of the components of force acting on m, then the equations 
of motion for the particle are expressed by 


mME=X. — — — —§—— coves (1) 
This equation states that the applied force is in equilibrium with the 
reversed. effective force.* 
Premultiply equation (1) by the row matrix 
of [84 δ, os 
095° 29,’ 0,’ oq; 
and sum for all particles of the system. Then 
Zom 2 ἃ = ty X= Ex’, aes (2) 
where Σὺ denotes summation for all the particles. 
* In engineering it is common to speak of the reversed effective force as the inertia force. 


270. | LAGRANGE’S EQUATIONS 8-14 


Consider, firstly, the expression on the right of this equation. This 
is formally identical with the quantity F, which was derived in ὃ 8-10 
by an application of the principle of virtual work-and which was 
termed the generalised component of force, provided it is understood 
that in the virtual displacements of the dynamical system the time 
variable ¢ (which may enter explicitly into the geometrical equations 
of the system) is not varied. Forces which do no work* in the type of 
displacement contemplated, and which therefore do not appear in P,, 
include forces between the particles of a rigid body, pressures or 
tensions in inextensible connecting members, the reactions at fixed 
pivots or fixed smooth (or in some cases perfectly rough) guides, and 
lastly the reactions at any smooth guides which provide kinematic 
constraint and are moved in some prescribed manner. These last 
forces, in particular, will be absent from P,, since the guides concerned 
are not moved in the virtual displacement. 

The expression on the left of equation (2) represents the appropriate 
generalised component of the effective forces on the system. In 
Lagrange’s method it is very conveniently expressed in terms of the 
kinetic energy function. The essential step is that the total kinetic 
energy of the system, namely 

7 -- ZohMB'S, has (3) 
must first be expressed as a function of the generalised velocities g, the 
generalised coordinates g, and the time variable ¢. This can be done 
immediately by use of the relations (8-9-2). The resulting expression 
for the kinetic energy will clearly be quadratic (though not necessarily 
homogeneous) in the quantities, so that, say, 

| T = $q'Ag+q/A+A,. 
The symmetrical square matrix A, the column matrix A, and the 
scalar A, depend in general on the coordinates g and on ¢, but if the 
geometrical equations do not contain ¢ explicitly A and A, will be 
absent. In this special case 7 will be a homogeneous quadratic 
function of the variables ᾧ, and its coefficients will depend only on 
the coordinates gq. : | 


Now by (3), 7 ἘΞ Ema Ἂ;- But equations (8.9.9) give on differ- 
4 { 
entiation ὃς = δ΄ , where the generalised velocities are treated for 
{ 4 


* Foroes which do no work are sometimes referred to as constraints. 
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the present 88 distinct variables, independent of the generalised 


coordinates. Hence ar —— af 
og; = ° Og," 2 3 
Again, since obviously the differential operators (=5+ D> dz] 
dt\ δὲ ge" ON; 
and ii are permutable, it follows that 
¢ 
d (a) - of of » 01 
-τ, = Lyme’ — + πὰ aa #+=—. 
ai \ag,) = 0 aq,* 0 ag, = 0 Og” * " 
δ’ (67 of 
Hence finall m= #=— ---- 
ence finally Σοπεος απ ἀρ δ} Ba, 
Lagrange’s equations of motion are thus derived in the form 
d {0 fe | 
— fan me Plot 4 
as ead ~ (a τ 


If, as in 88:11, V denotes the potential energy of the conservative 
applied forces, and P is the contribution to P due to the non-con- 
servative forces, then (4) may be written 


᾿ I - (4 Po 89 aka (5) 


in which ΓΞ 1--. The quantity L, namely the difference of the 
kinetic and potential energies, is referred to as the Lagrangian function 
or the kinetic potential. _ 
EXAMPLES 

(i) Expanded Form of Lagrange’s Equations. For simplicity assume 
the constraints to be independent of time. Then if, for instance, there 
are two degrees of freedom, 

27 = Ay, Git AssGit 241919 


and on differentiation δ΄. = 4.|4,- 4.44.. 80 that 


0A 0A 
alia) = Ant Autr+ (iF Og, +qs 5] ἄι 
04... 04. 1 (sn 24 OAgs ἢ OAx, . ). 
ΠΕ ς 004 x= +e Ode )ia-5 0g. qit+ 094 a Gt 2~— 0g; 9192 


On rearrangement this gives the first dynamical equation in the 
explicit form 


9192 = F,. 


104g (ϑάμ 1 24x) An, 
Αμ δι Δ, ,ἤ, Ἐπ τος- 0g, 41 ( 2 0”q1 43: 4. 
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Similarly, noting that A,, = A,,, we have | 
" . (θάμ Ιϑάμλ., 18Ά,,.., 94. 

Ag G+ Ass ὅ. Ἔ (Ξ τ 5a) a 3 0s 45 Ὁ ὃ, " hd, = 


More generally, if there are m degrees of freedom, the rth dynamical 


Pes: 


equation will be 
Σ Avk+ 3 Σ Σ OP ded: =f, 
; ; , 04 δὴ 0A 
in which — 2C9a—£ +4 -—4. 
Ἶ 2 δῳ, © Og, ὃᾷᾳ, 


(ii) Discriminants of the Kinetic Energy Function. In the case of a 
holonomous dynamical system with constraints independent of time 
the kinetic energy function is a homogeneous quadratic function of 
the type 7' = 3q’Ag. Since the kinetic energy is necessarily positive, 
it follows that 7’ is a positive quadratic form, and that its discriminants 
are all necessarily positive (see §1-16). It should be noted that no 
discriminant of the kinetic energy can vanish, unless the system has 
the unusual property that all its particles can be at rest while some of 
the generalised velocities are not zero. _ 


8.15. Ignoration of Coordinates, It sometimes happens that 
certain of the generalised coordinates do not appear explicitly in the 
Lagrangian function of a conservative system though the corre- 
sponding generalised velocities are present. Such coordinates are said 
to be sgnorable.t 

It will be convenient to suppose that the system has m non-ignorable 
coordinates 41» ζ2» .-«, 4, and in addition & ignorable coordinates 
ἢ... No. +++, 4, Then by definition the function L=7Z'—V is explicitly 
dependent only on the sets of quantities g, ᾧ and ἡ. If the constraints — 
are independent of time, the kinetic energy will be a homogeneous 
quadratic function which can be represented by means of partitioned 
matrices as (see example (ii) of § 1-15) 

T = 319,9') Ρ̓ A a] = ἐφαφ- ἡ γ4- ξη δὴ. ......) 
ly, δ} 

The symmetrical square matrices a and ὃ are of the orders m and & 
respectively, while § and y are respectively of the types (m,k) and 

¢ The quantity Ci is sometimes denoted by a “Christoffel’s symbol” ᾿ |: but this 


symbol is here avoided as it might lead to confusion with matrices. 
Ζ Other terms in use are cyclic, absent or kinosthenic. See § 38 of Ref. 31, and § 84 of 
Ref. 29. 
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(k,m) with y’ =f. All these matrices are independent of the co- 
ordinates 7. 
The ἢ equations of motion appropriate to the ignorable coordinates 


are here simply sd Fo 0. These can be integrated immediately to 

give 

[Ξ} S=yGtdpj=O, j= — — — — ——— eeeeee (2) 
θὴ.} 


where o denotes a column of & constants of integration. The velocities 
ἢ can now be expressed in terms of g and g. Thus 


ἡ = d-l¢ — δ-ϊγῷ, ΤΣ (3) 
or, alternatively, since δ is symmetrical and y’ = β, 
ἡ’ = σ’δ- -- po“. ἘΠ. (4) 


Next consider the m equations of motion heppropnate to the non- 
ignorable coordinates, namely | 
d (oT 
aiteat {so (P v)| =o. rere (5) 
These equations contain explicitly not only the non-ignorable 
variables but also the quantities ἡ and #. However, by means of (3) 
and (4) it is possible to eliminate ἡ and 7, and so to derive a set of m 
differential equations involving only the non-ignorable coordinates. 
In this way the dynamical system is effectively reduced to one having 
only m degrees of freedom. We shall now show how the equations 
appropriate to the reduced system can be constructed directly. Let 


R=T7,-yo-V,. cated: (6) 


where 7’, is the function Τ' expressed in terms of the variables 4 and ᾧ, 
and ἢ is expressed in terms of the same variables. Then 


OR oT; a 07’ 
—-10, = = ——_—__ eevees 7 
5} - ie Og: oe 
where aa a [Ξ| aah is an (m,k) matrix. But 
i 
(ogeh > [5}ν | [5] 
Og} ἰθάᾷ,} Lege) lend 
oR oT 
Hence by (2 ad (7 ἘΞ | = baa mat" 
y (2) and (7) aa,|  ἴᾷᾷ, 
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5-5-2 (5 - 


The required reduced form of the equations (5) is accordingly 


A ® 


The explicit expression for # in terms of g and ¢ is readily found as 
follows. By direct substitution for δὴ from (2) in (1) and ‘use of (6) 
and (4) we have 

R+V = $'aq + }7'y¢—44'0 
= t9'ag + $(0'8* —¢’ βδ᾽ ἢ (γᾷ-- σὴ. 

Hence R = }¢'(a—fdy) 4 -ἰ ¢ βδ-1σ — 1σ΄δ-1σ — V. 

It should be noted that although equations (8) are similar in general 
form to Lagrange’s equations, yet the function R is not constructed 
in the usual way as the difference of a kinetic energy function and a 
_ potential function. It may contain terms which are linear in the 
velocities φ. 


8-16.* The Generalised Components of Momentum and 
Hamilton’s Equations. The kinetic energy of ἃ single particle is 
T = ἐπι Σ, and the three components of momentum, say p,, Ds, Ds, 


are given Ὁ | 
υ »-πιὰ τ [51]. seeece (2) 


Further, the kinetic energy, when expressed as ἃ function of the 
components of momentum, takes the form 


Τ᾽ = oa Σ᾿; Ῥ, evecee (2) 


whfie the equations of motion of the particle (see (8-14:1)) become 
p = X in conjunction with (1). These equations illustrate in a very 
simple way Hamilton’s equations of motion, which make use of the 
momenta—or in effect the generalised velocities—as auxiliary depen- 
dent variables. The construction of Hamilton’s equations for a 
holonomous dynamical system will now be considered. 
By analogy with (1) the m generalived momenta for a dynamical 
system are defined by 27' 
ἐρᾷ [ } 
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If the kinetic energy function is 
T = }q'Ag+qA+Ay, see (3) 
then p=AgGt+A. ss aaeare (4) 
When, as is normally the case, the symmetrical matrix A is non- 
singular, the preceding equation gives by inversion 
ᾧ -- 4-.0Ώ}.--4ὺ eee (5) 
By the use of (5) and its transposed the kinetic energy (3) can be written 
explicitly as a quadratic function of the variables p. Thus, if the 
function when so expressed is distinguished as 7, we have 
T, = }(p'—A’') A“"(p—A)+(p'-A’')A1A+Ag, ...... (6) 


which is the generalisation of (2). 

In Hamilton’s equations the generalised momenta p and the 
coordinates q are used as dependent variables instead of ᾧ and q. 
Moreover, the Lagrangian function L is replaced by the Hamiltoman 
function H defined as — H = @'p-T+V. eee (7) 


As with the kinetic energy, the function H may be expressed either in 
terms of p or of sia In the first case, if (5) and (6) are used in conjunction 


ΤΠ. 1); = χ(φ’ --4γ.4-1(0--4Α)--Α,-Ὦὖ)7. ees (8) 
Saree if (3) and (4) are used in conjunction with (7), 
H=T-qA-2A,+V. 


From the last equation it is seen that if the constraints are independent 
of the time (so that A = 0 and A, = 0), then H reduces to the total 
energy 7+V. 

To obtain the dynamical equations in Hamilton’ s form, we note 
firstly that the Lagrangian equations (8-14-5) may be written 


_ (ar fa 
ey pce (ay 2 a, ell 
4 Pa θη; 


= ,0OA dA, 


fee 


pete ὅᾳ, “ἢ 7a! τὰ Og: 89,’ 


which on πο οἵ and use of the relation 
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may be expressed as* 


oT 0A-} 0A 0A 
ay = —4(p' -—A’')— (p—A)+(p'-—A’) A121 .ι-- 
a. sight ) aq, «Ῥ- 4}Ὲ(5' --Α) δ, δ 
ΟΠ προ π-το, by (8) 9 
δᾳ, 0g,’ Ὁ (5) (9) 
Hence the first set of equations ist 
oH | 
x} =P-). ssi 10 
ea ss | (0) 
The second set of equations, obtained by differentiation of (8) and use 
of (5), is | oH 
τοι [πε - 4-;:::ς..,»-, 4 τ-ζς  —aauuse (11) 
Pi 


The relations (10) and (11) jointly are the complete Hamiltonian _ 
equations. | 


EXAMPLES 


(i) Reciprocal Property of a Dynamical System. If the kinetic energy 
is a homogeneous quadratic function of the generalised velocities, then 
by (4) p = Ag. Suppose g(1) and ¢(2) to represent two different sets 
Οὗ generalised velocities of the system in one of its configurations, and 
let p(1) and (2) be the corresponding momenta. Then since A is 
symmetrical | 
G'(1) p(2) = g’(1) Aq(2) = q’(2) Ag(1) = ¢'(2) p(1). 

This reciprocal property should be compared with another given in 
example (i) of § 8-11. , 


(ii) Hquation of Energy. If the constraints are independent of the 
time and the system is conservative, (10) and (11) give 


d ,_ GH _ (aH) .,(oH) .. ,,, 
T+) - τ Fh +a Fl τρά- δρ =o. 


Hence for such a system the total energy is constant. 


* If, as is usual in aerodynamical applications, the generalised forces contain parts P 
dependent on the generalised velocity components ᾧ, then these parta must be expressed in 
terms of the variables p, g and ¢ by use of (5) before they are introduced in the Hamiltonian 
equations (10). a | 


Τ᾿ The reader should be careful to note that in the differentiation a on the left of equa- 


¢ 
tion (9) Τ' is expressed as a function of g, g and ¢, whereas in the differentiation a, on the 
right of the equation, H is a function of p, g and  , ' 
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8.17. Lagrange’s Equations with a Moving Frame of 
Reference. In some applications it is convenient to refer the displace- 
ments of the system to a base which is itself in motion. This moving 
frame of reference (not necessarily fixed in any body of the system) — 
will as usual be denoted by O(2,, 7, 25), and the Cartesian coordinates 
of a typical point P relative to the frame will be represented by x. 
Then in place of the geometrical equations (8-9-1) we shall have for 


the typical point ῳ =f (G15 45» «++ γι» ἵν α). 


The coordinates of P referred to a fixed base Θία;,, 3, 33) will as 
previously be denoted by 2, while v and « represent respectively the 
components of the total velocity and total acceleration of P, measured 
in the directions of the moving axes. Finally, u denotes the velocity 
components of O, measured in the same directions. The actual expres- 
sions for v and a in terms of w, x and of the angular velocities p of the 
moving base are given by equations (8-7-1) and (8-7-2). 

Now consider the respects in which the analysis of ὃ 8-14 requires 
modification to allow for the motion of the base of reference. The 
equations of motion of the typical particle P may in the present case — 
be taken as ma = X, where X represents the column of the components 
of force in the directions of the moving axes. A treatment similar to 
that adopted with (8-14-1) leads to an equation which it will be con- 


venient to write as of’ of 
Σ,- a= DX - i—C—ts www ww 1 
0 oq; 0 0g; ( ) 


The quantity on the right is as before denoted by PF, and is referred to 
as the generalised force corresponding to q,. If the system is given an 
infinitesimal virtual displacement involving ἃ variation dq, of 4; only, 
the work done by the external forces will be P,dg;. In this hypothetical . 
displacement the frame of reference O(2,, ἅς, 23) is regarded as fixed. 
To evaluate the quantity on the left of equation (1), first substitute 

for « from (8-7-2). The result is somewhat cumbrous, but it can be 
reduced conveniently by the introduction of a centrifugal potential 
function defined by | : 3 
| Vo = $2, m2'o*r + Ly me’ou+ Lyme't. 
Partial differentiation of this function yields 

OV, of’ 

ὃς, = Συ ὃς, Ν, 
where N=o0'%X%+0uU+4. 
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If further εἶ, = YM mie te | 
4; 

of’ 

and G,= 225m wi, 
the left-hand side of (1) can be written 

Vy of” ς : 

ὃς, tet Get Moma ὦ. ἢ, 


The last term in this formula is expressible in terms of the kinetic 
energy of the motion relative to the base—namely, 45,m2z’x—by the 
method of § 8-14. The quantity J, represents an inertia effect dependent 
on the displacements, but it cannot be derived from a potential since 
the matrix τ is not symmetrical. Finally, the quantity ΟΘ΄, depends on 
% and is therefore a linear function of the generalised velocities. If the 
coefficient of Φ, in G, is denoted by G,,, then 


or on substitution for τ from (8-5-4) 


2 fats), fof), Wfrby 
Gy = τ Zom(», 1 δίᾳ,, 4) q;) + P25(q,, φῇ “9: 4.) + 5 Ο(ᾳ,; Ἢ ᾿ 


Hence G,, = -- Ο,.. and in particular G,, = 0. The quantities G,; are 
spoken of as the gyrostatic coefficients, and it is to be noted that on 
account of the properties just pleted they do not appear in the expres- 
sion for the total energy. 

When the centrifugal potential V, is a ΠΥ quadratic | 
function, say V) = $q’oq, the coefficients o,, are referred to as the 
centrifugal stiffnesses. They play exactly the same part as the gravi- 
tational and elastic stiffnesses. 


EXAMPLE 


Suppose O to be always at rest, and let p, = p, = 0, while p, = Q 
(a constant). Then 


Vy = Lydmz'[ 0, —O, 0755 = — 402, m(22 +23). 
Q, 0, 90 
0, 0, 0 


8᾽.: CENTRIFUGAL STIFFNESSES 


The typical generalised component of centrifugal force is thus 
OV Pf, Ws 


τ Be = O*ym(x, 2 +%s50 Jo 


and the — centrifugal stiffness is 
δῇ, Ay δ. Ae 


4) 


279° 


v= πὲ a ae moe τα aq, * ὅσ, 8g, Το Bq 0g oa, tag δᾳ,})᾿ 


Finally, the typical gyrostatic coefficient is 


WfsSs) 
and J, = 0 θ(ᾳ, 4) 


CHAPTER IX 
SYSTEMS WITH LINEAR DYNAMICAL EQUATIONS 


9.1. Introductory Remarks. The present Chapter deals with 
motions governed by linear ordinary differential equations with con- 
stant coefficients. The language of the dynamics of material systems 
will be used throughout, but the treatment can, for instance, be applied 
equally well to electrical systems. The discussion and exemplification 
of approximate numerical methods of solution is reserved for Chapter x. 


9.2. Disturbed Motions. Except with very special systems or 
types of motion the differential equations which arise in dynamics are 
non-linear and do not admit exact solution. It is, however, sometimes 
possible to obtain particular solutions, such as those corresponding 
to equilibrium or steady motion. Then, if the system is supposed to 
be slightly disturbed from this known condition, the resulting small 
motion of deviation will be given by a set of linear differential equations. 
In the special case where the undisturbed state of the system is one 
of equilibrium or steady motion, the equations of disturbed motion 
will have constant coefficients and will be soluble by the methods of 
Chapters v and vi. In more general cases the equations will have for 
coefficients given functions of time, and they will thus be of the types 
considered in Chapter v1. 

The disturbances just referred to may be of two kinds. They may 
be merely temporary, and represented by a set of initial conditions 
of motion which differ slightly from those corresponding to the un- 
disturbed motion. The motion of deviation is then said to be free. On 
the other hand the disturbances may consist of small persistent forces 
which vary in some assigned way with time. In this case the motion 
of deviation is said to be forced. 

The usual method of construction of the equations of deviation is, 
briefly, as follows. Let the set of values of the generalised coordinates 
corresponding to the undisturbed state of the system be represented 
by @: these values are to be regarded as assigned functions of ὁ (or 
possibly given constants). In the disturbed motion let the deviations 
(i.e. the increments of the generalised coordinates) be g. Then to form 
the equations of disturbed motion substitute in Lagrange’s equations 
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the values Q + q for the coordinates, Q +4 for the velocities, and so on, 
neglect all terms involving products of the quantities q or of their deri- 
vatives, and introduce the persistent disturbing forces, if any. In this 
way a set of linear differential equations in the deviations q is derived. 
These equations are, of course, only valid for the representation of 
deviant motions which are “small” in the sense implicit in the 
approximations used. 


9-3. Conservative System Disturbed from Equilibrium. The 
simplest problem of the class just considered is that in which a con- 
servative holonomous system with constraints independent of time 
receives a small disturbance from equilibrium. If, as will be assumed, 
the generalised coordinates are measured from this position of equi- 
librium, the quantities ὦ will all be zero. 

Now use the expanded form of Lagrange’s equations (see example (i) 
of § 8-14), and reject all the terms involving products of the deviations 
q or their derivatives. If there are no permanent disturbing forces, the 


equations are simply — 2 
| | ies τ 


where the elements of A are all constants. Further, since g = 0 is a 
position of equilibrium, the terms which are linear in 4 will be absent 
from V, so that this function may (to the order of approximation 
considered) be taken as V = Fi+4q'Ee. 


Hence the required equations of free disturbed motion are 
AgG+EHq=0, = = — ——— eseves (1) 


in which A and £ are both symmetrical matrices of constants. 
If the disturbed motion is forced, the equations are of the more 


general type Ag+ Eq = E(t), 


in which £(t) represents the column of the disturbing forces. 

The principal diagonal elements of A, which obviously play a part 
analogous to ordinary moments of inertia, may for convenience be 
spoken of as the generalised moments of inertia. For a similar reason it 
is natural to refer to the elements of type A,, (1+j) as generalised 
products of inertia. Finally, the elements H,, are described as the 
direct elastic stiffnesses, while those of type H,; (1+ j) are called elastic 
cross stiffnesses. 
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yo. EXAMPLE | 
Transformation of the Coordinates. In the discussion of the Lagran- 

gian equations of small motions it is sometimes convenient to transform 
the m generalised coordinates g to a new set, say 4. Suppose the two 
sets to be connected by the linear substitution g = wg, where w is a non- 
singular square matrix of order m with given constant elements. Then 

T = ἐδ Ag = ἐφ κ΄ Aug 
and V = Ey+4q'u' Hug. 
The equation corresponding to (1) is accordingly 

(μ΄ Au) ᾧ +(u' Hu) g = 0. 
It should be noted that μ΄ Au and u’ Hu are both symmetrical. 


9.4. Disturbed Steady Motion of a Conservative System 
with Ignorable Coordinates. The state of steady motion considered 
is that in which all the non-ignorable coordinates, and the generalised 
velocities corresponding to all the ignorable coordinates, have con- 
stant values. It has been shown in §8-15 that when a system has 
ignorable coordinates the dynamical equations are reducible to a 
simpler set which involves only the non-ignorable coordinates. The 
final equations are similar in general form to Lagrange’s equations, _ 
but the Lagrangian function LZ is replaced by a function R which may 
contain terms linear in the generalised velocities. It is the presence of 
these linear terms in the ‘‘modified”’ Lagrangian function R which 
distinguishes this problem of disturbed steady motion from that of 
disturbed equilibrium.t 

As in §8-15 we shall suppose that there are m non-ignorable co- 
ordinates 4, and k ignorable coordinates 7. Then if the kinetic energy 
function is represented by 

T = ἐφαφ- ἡγὰ ἰὴ δή, 
the & dynamical equations appropriate to the ignorable coordinates 
give on integration (see (8°15-2)) 
vd 7 δὴ =O, ΟΞ ΡΞ (1) 
while the remaining m equations for the system in its reduced form are 
see (8:1δ:8 | 
_e re @ 
t oq, 0%; 
inwhich R= }q'(a—fd-y)¢+q/fd—0—40'd10- DV. 
t Compare p. 195 of Ref. 31. 


9.4-.9.5 | AERODYNAMICAL FORCES 283 


In steady motion the velocities ἡ are all constant. Moreover, the 
non-ignorable coordinates also have constant values which, without 
loss of generality, may be taken to be zero. The quantities g then 
represent the deviations of the non-ignorable coordinates in the 
disturbed motion. Again, corresponding to the constant values of 7 
and of q in the steady motion there will be a set of constants given by 
(1). These same constant values for 7 are assumed to hold good for the 
disturbed motions to be considered.f | 

To derive the equations of free disturbed motion, neglect all terms 
in the expanded form of R which are above the second degree in the 
variables 4 and φ. To this order of approximation £ is quadratic in the 
variables g and q. It will be convenient to write 

R = 3q'Ug+ 'Bq—-47'Cqt+ E+ Ts, 
in which now Y, B, ©, etc. are all matrices of constants. The square 
matrices I and © are symmetrical, but B is in general not symmetrical. 
Then 
[51] = %d+87+E ond [51] = B4-Ca+ 8. 
qi (NON 
Hence equation (2) becomes 
U7 + (8 -- 87) G+ Cq-—F = Ο. 
Since this is satisfied by 4 = 0, we require τῷ = 0. Hence finally 
U7 + (B-B') q+ Eq = 0. 

This equation is of a rather more general form than that corresponding 
to disturbed equilibrium, in that it contains terms dependent on the 


generalised velocities. The elements of the skew symmetric matrix 
% —%’ are spoken of as gyrostatic coefficients (compare also § 8-17). 


9-5. Small Motions of Systems Subject to Aerodynamical 
Forces. The aerodynamical forces acting on a system will not, in 
general, be conservative, and will, strictly speaking, depend on the whole 
previous history of the motion. When such a system is disturbed from 
a known condition (e.g. equilibrium or steady motion) it is usual to 
assume as an approximation that the differences between the values 
of the air forces in the disturbed and undisturbed states of the system 
depend linearly on the sets of quantities g, 7, ἢ, at most, where q 
denotes the deviations of the generalised coordinates. Hence, if Rf 
and 32, represent respectively the typical generalised aerodynamical 


+ This implies that the disturbances do not introduce generalised forces corresponding 
to any of the ignorable coordinates. 
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forces for the disturbed and undisturbed states, then according to the 
foregoing approximation 
ΟΡ, 4 OR, OB: 

ὍΣ = B+ Σ Σ (se Gg, ae ὦ) Ὁ og; is). 
2, 0%, oe; 
0q;’ δᾷ,᾽ 04; 
generalised aerodynamical derivalines: If the column of the generalised 
aerodynamical forces is expressed. as 


then Wi _ 28s. By OB. A OF, 


The constant coefficients 


may be referred to as the 


To obtain the equations of disturbed equilibrium of an aerodynamical 
system the method of §9-3 is followed, but the generalised forces 5 Ὁ 
are included. The final equations may be written 

(A+4)G+ BG+(E+W)q = E(t). 
The elements of A, with their signs reversed, are called the acceleration 
derivatives. They are generally small, and are either treated as negli- 
gible or are assumed to be of such a nature that they can be absorbed 
into the generalised moments and products of inertia without destruc- 
tion of the symmetry of the inertia matrix A. On this understanding 
it is usual to write the last equation as 
Ag+ BG+Ca=E&(t), = dene (1) 

where C = E+ W. The elements of B are described as the damping © 
coefficients, while those of W are the aerodynamical stiffnesses. In 
general neither the damping matrix B nor the total stiffness matrix C 
will be symmetrical. The principal diagonal elements of C are spoken 
of as the direct stiffnesses, while the remaining elements are cross 
stiffnesses; similarly, the principal diagonal elements of B are direct 
dampings, while the remainder are cross dampings. The coefficients 
of type A,,, B,;, C,; (+7) are collectively called the couplings. 


9-6. Free Disturbed Steady Motion of an Aeroplane. 
The equations in this case can be deduced directly from the equations 
of general mot’ dn of an aeroplane given in ὃ 8-13. The symbols have the © 
same meanings as before, except that they now represent incremental 
values in the disturbed motion: the corresponding values in the 

given steady motion are denoted by the same symbols with a cipher 
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suffix. Asis usual in the treatment of aeroplane stability,* the body axes 
are assumed to be principal axes, so that the inertia matrix J will have 


the diagonal form J=TJ, 0 0 
oS Bly 

0 J 090 

0 0 ὦ 


The scheme of conversion to standard aeronautical symbols will be 
considered later. 

Equations (8-13-1) and (8.18.2) give immediately for the disturbed 
mower (ID +7 +0,) (w+U) = X+Xot G+ A, 
(ID+ +0) I(p +P) = L+Lp. 


Omitting the terms which arise only in the steady motion and neg- 
lecting squares and products of the deviations, we obtain for the deviant 


motion (ID+,)u+wu, = ΧΈΘ, seueeal)) 
(ID+@)Jp+ad py = L. —— aes: (2) 
Now (see example (i) of ὃ 8-5) wu) = -- “0, where 
B=[ 0 Ugg Uso 
Ugg 9 --ἴρο 
| —Usy U9 0 
Similarly, © DO, Jp+wd py = — bop, 
where b= 0 (Jz—Js3) Dao (J2— J) Pao | - 
(ὦ -- Ὁ) Pao 0 (ως -- ") Pro 
(J,—-J2) Pe (Ji—2) P10 0 


Again, expressing X and L in terms of aerodynamical derivatives, and 
neglecting acceleration derivatives, we may write 


X =O U+ O97, 
L = O,,U+ODqep, 
in which ®,,, ®,., ὦ.» Do, are square matrices the (7,7 )th elements of 
which are respectively the derivatives 
OX, OX, ob, ab; 
Quy? Op,” Ouy? Ops | 
Next, by differentiation of the expression (8-13-3) for the com- 
ponents of the weight in a general motion, it readily follows that in 


* See, for instance, Chap. x of Ref. 27. 
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the present deviant motion | 
| ΕΝ G= Jy, 
where Co= - 0 = C08 Poo 0]. 
-- 008 Pop SIN ᾧ:0 -- β[η Go) COSY 9 0 

On making these substitutions in (1) and (2) we derive the equations 

(D1, -- τσὺ-- LD) uU+ (Dyn +) -Ὁ σορῴ - 0, esesee (3) 

J70,,u+(J-7®,,+ J-1b,— ID) p = 0. νον. (4) 
It remains, finally, to connect the deviations p with the deviations ¢ 
and their rates of change. The necessary relation, which is deducible 
by differentiation of (8-13-4) and use of (8-13-7), may be written 
Pp = (Ry D+ Qep) ῴφ, 

where Cy, is as defined above, and RA, is the matrix in (8.6.6) with the 


values $9 appropriate to the steady motion substituted for ¢. A rather 
more convenient form is 


Roip+(Qep—-ID)P=0, = «μεν (5) 
inwhich ¢=— Ro'cy = secdey 0 1 ΟΊ. 
“οοπδῴρο 0 0 
0 sings 0 


The required equations of deviant motion are (3), (4) and (5). They 
may be written concisely by partitioned matrices as 


d 
πι»}, φΦφ) sia T{u, p, 4), γων νύν (6) 
with Y=[,- Dp O154+ ay JCy |- 
J7@,, ὕπι(Φ,. Ἐδ) 0 
0. "πὰς De, |. 


The scheme of conversion to standard aeronautical symbols is as 
given in the addendum to § 8-13, with the simplifications D = ἢ = F = 0. 
The derivatives ΟΣῚ Ci , etc. correspond in the standard notation 


Ou,’ Ou, 
OX OX 


On» a> etc., and these are usually abbreviated to X,, X,, etc. 


The A-determinant of the system of equations (6)—after extraction 


of a factor A indicating neutrality of the aeroplane with respect to 
the angle ψ---οδὴ be expressed in standard symbols as follows: 
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9°7. Review of Notation and Terminology for General 
Linear Systems. The few special problems already considered show 
how linear differential equations with constant coefficients arise 
naturally in dynamics. We shall now briefly summarise the essential 
formulae connected with the solution of such systems of dynamical 
equations.* 

The Lagrangian equations for a linear system having m generalised 
coordinates ¢,, 42» --->Qm Will be of the type 


f(D)q=(AD?+BD+C)q=§Et), 66᾽Λ....ὕ.. (1) 


where A, B, C are respectively the inertia, damping and stiffness 
matrices, and &(¢) denotes a column of assigned ‘‘forcing”’ functions. 
In a free motion of the system £(t) = 0. 

The determinantal equation 


το Δ(Λ)Ξ]| f(A) | ΞΡολ" + pA" +... + Pa rAtDn = 0 
is in general of degree ἡ = 2m, and the n roots (not necessarily all 


distinct) are denoted by A,,Agq,...,A,-. The constituent solution appro- 
priate to an _— root A, is denoted by 


= {k, jets = ker, 
and the column of constants &, is referred to as the rth modal column. 
This column may be chosen proportional to any non-vanishing column 
of the adjoint F(A,) of the matrix f(A,). On the other hand, if A, 
represents a member of a set of s equal roots, the constituent solution 
appropriate to A, is written | 
C= {kj,(t)} ert = k(t) er. 


In this case the s modal columns relevant to the complete set of roots 
equal to A, may be chosen proportional to any s linearly independent 
columns of the family of matrices 


Oy (t, A,) = }' (A,), 
U,(t,A,) = F(A,) +tF (A), 


OHSS ROHS OHHH EESHHHS ETH E DE HEH EHHOHE OTE SEHEEEEH SHEER HEE RED EHO HEHREEE HERETO RHEE HEROES EERED 


a PFA) + ον ἘΠ F(A,). 


(s—1) (s— 
U,-1(t,A5) = F(A,) + (6 -- 1)tF(A iy Ἔ 
The modal coefficients k,,(t) will be polynomials in ¢ of degree s—1 at 
most. 7 
* For the detailed exposition see Chaps. v and v1. 
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When £(¢) = 0 the most general solution of equations (1), derived 
as a linear superposition of arbitrary multiples of the constituent 
ΞΟΙΠΏΘΠΗ; 1 4 = Ck, (t) es! + cg ka(t) er +... +6n ky (Et) er, 
in which σι, c,, etc. are arbitrary constants, real or complex. This 
solution may be written more concisely as 
gq = k(t) M(t)c. 
Here k(#) denotes the (m,n) modal matrix 
k(t)=[ y(t), ἔμ(),Ἠ ... Han (E) 
key(t), k9(t) 2 δ. ko, (t) 
Kima(t), Kma(t), -++2  Kmn(t) 
and M(t)=[ex4, 0, ..., 07, 
0, ef, 1, 0 
0, 0, ..., ern 


while c represents the column of the arbitrary constants. 

It is sometimes convenient to substitute for the Lagrangian equa- 
tions (1) an equivalent set of equations of the first order,* obtained 

by the use of auxiliary variables. If the generalised momenta p= Aq 

are adopted as the auxiliary variables (see § 8-16), then the complete 

set of equations in the Hamiltonian form is 


Ἀν: 


A convenient alternative sail is to adopt the generalised velocities 
ᾧ as the auxiliary variables. The equivalent linear system then is (see 


example (ii) of ὃ 5-5) ἡ = uy+7(t), 


where y=f[q]; η(ΐ) = 0 |]; w= 0, I | 
ese) Lane, aon 


9-8. General Nature of the Constituent Motions. (a) Real 
Roots. The modal column obtained from each real (simple or multiple) 
root of the determinantal equation of the set of equations (9-7-1) will 


* For special methods of solution of first-order systems of equations, seo Part IT of 
ne VL 
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consist of real elements. The corresponding constituent motion will 
be a subsidence or a divergence according as the root concerned is 
negative or positive. A zero root, if unrepeated, yields a constant. con- 
stituent representing neutral equilibrium. On the other hand, 8 
repeated zero root in general gives rise to a constituent involving 
polynomials in ¢, and thus to a growing motion. 


6) Complex Roots. The modal column derived from a complex root 
is, in general, complex. It is customary in dynamics to associate 
together the conjugate complex constituents obtained from conjugate 
complex pairs of roots, and so to derive equivalent pairs of real con- 
stituent motions. Suppose A, = 4+ to be a root of multiplicity 8, 
where 4 denotes /—1: then the conjugate complex root A, = #— tw 
also has multiplicity s. Hence for every modal column obtained from 
the set of s roots equal to A, there will be a corresponding conjugate 
complex modal column derived from the set of s roots equal to A,. 
If &,(t) = a(t)+if(t) and &,(#) = α() -- β() are, respectively, the 
modal columns appropriate to A, and A,, and if pe” is a complex 
arbitrary constant, then the most general real linear combination of 
the two constituents concerned will be expressible as 


4 = pe cos (wt +7) a(t) — pe“ sin (wt + τὴ Bit). 


In the special case where the roots A, and A, are unrepeated, the 
elements of a and # are constants, and then the last equation may be 


written 
q = pe{y, cos (wt + €,+7)}, 
where {y,e%3} Ξ α-εἴβ. 


The motion in this case may be regarded as effectively a single oscil- 
latory constituent having an arbitrary amplitude p and an arbitrary 
epoch 7. The motion will ultimately die away, or grow to an indefinitely 
large amplitude, according as the real part μ of the root A, is negative 
or positive.* 


(c) Purely Imaginary Roots.t If damping forces are present in the 
system (i.e. if B+0), the modal column corresponding to a purely 
imaginary root will as a general rule contain complex elements. The 


* The general character of the roote of A(A) =0 can be ascertained by the use of the 
teat fanctions (see § 4-22 (b)). 

+ The important case in which B=0 and C is symmetrical is discussed separately 
in § 9-9. 
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real constituents appropriate to such a root and its conjugate imaginary 
will thus be of the types considered in (δ) with the simplification = 0. 
Simple imaginary roots give rise to pure sinusoidal oscillations, while 
_Tepeated imaginary roots will in general yield oscillations whose 
amplitudes grow in proportion to a polynomial in t. | 

The dynamical coefficients sometimes depend on one or more 
variable parameters. If the values of these parameters are such that 
one or more of the constituent motions of the system are simply 
sinusoidal, the state of the system is said to be critical, and the para- 
meters have critical values. The critical state requires that +7 shall — 
be roots of A(A) = 0, so that | 

Ti5=0, j seve» (1) 

where 7',_, is the penultimate test determinant (see ὃ 4-22 (b)). When the 
parameters are such that (1) is satisfied, they are either critical ac- 
cording to the definition, or else A(A) = 0 has equal and opposite roots. 
The transition from a completely stable state of a system to oscillatory 
instability is always indicated by the vanishing of 7,,_,. A simple 
illustration of a critical parameter is the critical speed for flutter of an 
aerodynamical system (see § 12-1). 


9-9. Modal Columns for a Linear Conservative System. 
It is a well-known theorem* that if the dynamical equations are of 
the type “f(D)q=(AD*+E)g=0, essa (1) 
in which A and # are both symmetrical, the roots of A(A) = 0 are 
either real or purely imaginary (i.e. they cannot be complex): they are 
all purely imaginary if the potential energy ΚΞ ἐφ Hq is a positive 
function. 

The usual proof is as follows. Write A? = —z and 


AA(2)=| Aynz—-Hy,. Α4..2- ὅν... Aim? — Him 
A,,2— Ey), Agoz— Ege; eeeys A om2— Lam: 
A ni card | Oe A n32 ad ΑΗ πο» eeey A m2 aes Einm 0 
0, 0, πὸ ὦ. ἢ 


a 

a TS (2) 
Also, let A,,_,(z) be the determinant obtained when the first row and 
first column of A,, are erased, A,,_,(z) be the determinant formed when 


* For historical notes see p. 183 of Ref. 31. 
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the first two rows and columns of A,, are erased, and so on until finally 
Ag = 1: the degrees in z of these determinants are represented. by the 
suffices. Since the discriminants of the kinetic energy function are 
all necessarily positive (see example (ii) of ὃ 8-14), the determinants 
Ay, A;,...,A,, are alternately positive and negative when z = -- οὐ, 
but are all positive when z = +00. From example (i) of § 1-17 it is seen 
that when z passes through a root of any intermediate determinant 
of the series, say A; (0+i1+m), then A, 5) and A;,, necessarily have 
opposite signs. Now A, has the constant value 1, while the one root of 
the equation A, = 0 is obviously real. Hence for this root A, <0. But 
A,>0 when z = +00, so that the equation A, = 0 has two real roots 
which are separated by the root of A, = 0. Similarly, it follows that 
ἃς = 0 has three real roots separated by the roots of A, = 0, and more 
generally the roots of A; = 0 are all real, and separate those of A,,, = 0. 
Since z = — A?, it follows that the 2m roots of the original determinantal 
equation are either real or purely imaginary. 

If the potential energy is a positive function, the discriminants of V 
are all positive. Accordingly the signs of the determinants A,(z), A,(z), 
..-, A,,(z) are alternately positive and negative when z = 0, so that 
all the roots of A,, = 0 are positive. By the same argument as before 
it follows that the roots of A(A) = 0 in this case are all purely imaginary. 

Since the roots of A,(z) = 0 separate those of A,,,(z) = 0, it is seen 
that if A,,(z) = 0 has s equal roots z,, then A,,_,(z) has s— 1 equal roots 
2,» An—o(z) = 0 has s—2 equal roots z,, and so on, until finally z, is a 
simple root of A,,_,,,(z) = 0. Moreover, these conclusions are true for 
any other arrangement of the principal diagonal elements in (2). Now 
refer to example (i) of §1-17. If the two determinants on the left of 
equation (1-17-1) contain respectively the factors (z—z,)* and (z ~z,)®-2, 
and if the first two on the right each contain (z ~z,)*-1, then obviously 
the non-diagonal minor (there called A,,.) must also contain the factor 
(z—z,)°-*. This shows that if z, is an s-fold root of A,,(z) = 0, then 
(z—z,)°-* is ἃ factor of every first minor of A,,(z). It follows that if 
A,, and therefore also —A,, are s-fold roots of A(A) = 0, then (A2— A2)s-1 
is a factor of every first minor of A(A). The adjoint matrix F(A) ac- 
cordingly contains the same factor, so that F(A,) and all the derived 


(s—2) ; 
adjoint matrices up to and including F(A,) are null. In this case also 
the matrices U,(¢, A,) are all null pie - exception of U,_s(¢, A,), which 


reduces to the constant matrix FQ). Hence the following important — 
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theorem: When a conservative system is disturbed from equilibrium the 
modal columns are (in general) all independent of t even when multiple 
roots of A(A) = 0 occur. 

The exception to the foregoing theorem arises when F is singular 
and A, = —A, = 0, so that there are in all 2s zero roots of A(A) = 
In this case A*-? is a factor of every first minor of A(A), so that the 
adjoint matrix is of the form A®*-*G@(A*). Here all the derived adjoint 


(2a— 2) 
matrices involved, with the exception of F(A,) , are null, and the 28 
modal columns corresponding to the 28 so ae are arate πε 


ἴ,.... and. U,,_,, which reduce respectively to F Δ) ‘onal (23 -- ) tF A) 


If k, is any one of the 8 linearly independent columns of FQ). , the 
corresponding two constituent motions are (a,+5,t)k,, where a; and 
_ b, are arbitrary constants. This exceptional case, in which J is singular, 
will hereafter be assumed to be excluded. 

When A, is a simple root the appropriate modal column k,.is given as 
usual by any non-vanishing column of the adjoint matrix F(A,). - 
Since the elements of this matrix are polynomials in A?, and since A} is 
real, the modal column corresponding to A, is real, and is the same as for 
the root —A,. If there are s roots equal to A,, the corresponding s modal 
colunins πὰ ee by the s linearly independent columns which the 


matrix FQ) necessarily contains. It is easy to see that, as for simple 
roots, the modal columns appropriate to the set of roots A, can always 
be taken to be real and equal to those for the roots —A,. Hence in 
all cases, if the roots are +A,, +Ag, ...90 ἘΔ,» and if ky is the square 
matrix of order m formed from the m modal columns appropriate to 
Ar, Ag, οὐ, Am, then ky also gives the modal columns appropriate to 


του — des bg 


EXAMPLES 
(i) Roots all Distinct. Suppose 
f(A)=[44a2+108 —8A? 0 
— 8A? 35A2 + δά 12A2 
0 12A2 28A2 + 36 


Then A(A) = 16 x 27 x 81(A?+ 1) (A?+ 2) (A?+3), 50 that the roots of 
A(A) = 0, say Ay = εὖ, λα = +4,/2, As = +4,/3, and A, = —1,A, = —1,/2, 
Ag = —+ 3, are all distinct. 
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The adjoint matrices corresponding to A,, A,, λα are. | 
F(A,) = 8{1, —8, —12}[1, -- 8, — 12], 
F(A.) = — 16{4, — 5, 6}[4, -- δ, 6], 
F(A) = 72{4, 4, —3}[4, 4, — 8], 


so that we may choose 


ῳ- 1 4 41. 
8-5 4 
-12 6 -3 


(ii) Repeated Roots. An illustration is provided by the system 
already considered in the example to § 6-6, for which 


f(A) = [32λδ ΄ 48 —16A2 4r2 |, 
—1642 3202448 «λξ 
4,2 4.2 11λ3-Ε 12 
and A(A) = 3 x 487(A2 + 1)? (A2+ 4). 
If the roots of A(A) = 0 are denoted by A, = A, = +4, Ay = + 24, 
Ay =A, = --ἰ, A, = — 21, then | 


(1) 
F(a.) =0 with F(A,)=2x48i. δ —4 i 0 " 


—~4 6/10 1 4 
4 4 
while F(A3) =3 x 48 x 16{1, 1, —1}[1, 1, — 1]. 
Hence we may choose ko = § -4 1]. 
πά 565 1} 
| 4 4-1 
(1) Matrix E Singular. Suppose 
F(A) = [3A?4+1, 2, 3 
2, 12A2 +4, 6 
3, ο 6, 27A2 +9 
Then A(A) = 12x 81A4(A2+ 1) and 
F(A) = 3A2[108A2+72, —18, -- 12 
-- 18, 27A2+18, --6 


-15.. ~6, 12A2+.8 
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For the quadruple zero root A, = A, = As = Ay = 0, the three matrices — 
(1) (3) 
F(A,), F(A) and F(A,) are nail, but 
(2) 
FA) =6f 72 -18 -- 127 - 19. 3 6 ° -83 ἡ 

-ἰ8 18 -—6 41-3 3713 O -ἃ 
—-12 -6 8 1 —4 


Hence the constituent motions appropriate to the four zero roots may 
be taken as (a+ δὲ) {3, —3, 1} and (c+ dt) {6, 3, — 4}. 


9-10. The Direct Solution for a Linear Conservative System 
and the Normal Coordinates. From the discussion of §9-9 it 
follows that if the roots of A(A) = 0 are denoted by +A,, +Aq, ..-, tAw 
the complete motion of the system is represented by 


g(t) = ky My(t)a+ hyp My(—t)b, = weneee (1) 
where a and b are two columns each containing m arbitrary constants 


of integration, ἄρ is the matrix of the m modal columns appropriate to 
the roots A,, Ag, -.-, A», and MM, (t) is the diagonal matrix 


af 0 .. 0 


0 0 ... ολνέ 
If the values of the generalised coordinates and velocities at ¢ = 0 are 


assigned, and if A, denotes the diagonal matrix of the roots Aj, Ag, ..., 
Am the direct solution is easily verified to be 


q(t) = bol Mo(t) + Mo( -- ἢ)] οἰ 4(0) + bof Mo(t) — Mo( -- ἢ] Ao*ko*g(0). 

The corresponding special form of the solution has already been 
obtained in equation (6-6-4). 

If new generalised coordinates Q are adopted given by 


q = kyQ, 
the general solution (1) reduces to 
Q=M,(that+M(—t)b, = aannee (2) 
while the equations Ag+ Eq = 0 transform to (see example to ὃ 9-3) 
(k, Aly) O+ (Kei Eky)Q=0. savers (3) 


From (2) it is seen that when the generalised coordinates are chosen 
in this way ἃ disturbance of the system restricted to any one of its 
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coordinates Ὁ, produces motion in that particular coordinate only; 
in other words, the motions in the several degrees of freedom are un- 
coupled. The coordinates Q are usually termed the normal or principal — 
coordinates. 

Evidently, if ἀρ denotes an arbitrary non-singular matrix, the 
system of differential equations 


d(G—-M8Q)=0 ates (4) 


will be satisfied by (2). Choosing 
dy = ky Akg, .ν....(6) 

we then have also, by (3) and (4), 
-, ἀνλὲ = ει danas (6) 


Now k, Ak, and kj £k, are both symmetrical; hence by (5) and (6), 
d,; = d,, and —d,,A} = —d,,A7, where d,, denotes the typical element 
of ἀρ. Accordingly, if the roots of A(A)=0 are all distinct, 
d,, = ἀν = 0, and ἀρ will therefore be a diagonal matrix. The normal 
coordinates, which can clearly be taken in arbitrary multiples, may 
in this case be chosen to be 
ῳ = Ayko 1d, 
or, on application of (5), Q =k, Ag. sel) 


When A(A) = 0 has multiple roots, the matrix d, need not be 
diagonal. For instance, if A, = A,, then d,,. = d,,, but these elements 
do not necessarily vanish. The diagonal matrix d, is in this case 


doy doo 0 eee 0 
0 0 des 0 


eoeeseoecevovoeseszveaseeaceaeeseoneeoes 


0 0 0 .. dum 


More generally, if the m roots A,, Ag, ...,A,, consist of a roots equal to 
A,, ὃ roots equal to A,, and so on up to p roots equal to A,, where 
a+b+...4p =m, then 


dy=[d,, 9, ..., 07, 
0, d,, , 0 
0, 0, ..., d, 
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where the typical square submatrix d, is symmetrical, non-singular, 
and of order i. It is easy to see that the normal coordinates can be 
defined in accordance with the formula Q = kj Aq even when multiple 


roots occur. For kgig = M(t)a+ M(-2) b, 

and since d, is obviously permutable with M(t), it follows that 
dgkoig = M(t)dga+ M(—t)d yb. 

Hence Q = Μ() «ἘΜ --ἢ ῥ, 


where a and f are columns of arbitrary constants. The coordinates Q, 
defined in accordance with the formula, are thus normal. 


EXAMPLES 
(i) System with Roots all Distinct. Suppose the given equations to be 
44 —8 O]G+f108 0 O]q=0. 


—8 35 12 0 54 0 
0 12 28 | 0 0 36 
Then, if the modal columns are chosen as in example (i) of § 9-9, 
ko = 1 4 4). 
-8 —5 4 
—-12 6-3 


Hence the normal coordinates may be taken as 
Q=kAq=[1 -8 -12][ 44 -8 074 
4 —5 6 —8 35 12 
4 4 -—3 0 12 28 
- [108 —432 -- 4327. 
216 —135 108 
144 72 —36 
As a verification of (5) and (6) 
ki Ak, = [108 -- 432 —432 1 4 4 
216 —135 108|| -8 -ὖδ 4 
144 72 —36),-12 6 -- 
=[8748 0 0 ]=dy. | 
0 2187 0 
0 0 972 
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Similarly it is easily shown that 
0 4374 0 


0 0 2916 
(ἃ) System with Multiple Roots. Lf the equations are 
32-16 4]9¢+[48 0 O]g=0, 
—-16 32 4 0 48 O 
4. 4 ll 0 0 12 
the roots of A(A) = 0 are A, = A, = +3, ὸ = +24, λ, τὸ A, = --ἰ, and 
A, = — 24. As in example (ii) of § 9-9 


k=[ 5 —4 --1, 
-ἀὁ 65-1 
4 4 1 
and the normal coordinates may be taken as 
Q=kiAg=[ 5 -4 47 32-16 474 
—-4 6 41/-16 32 4 
-l -1 1 4 4 ll 
=[ 240 --102 4874. 
—192 240 48 
-12 -12 8 
In the present case — | 
kj Ak, =[ 2160 —1728 0] =d), 
—1728 2160 90 
0 QO 27 
while ky Hky = [ 2160 —1728 0] = —Afd,. 
—1728 2160 0 
0 0 108 
(iii) The Matrix H-1A. Since k,M,(t) is a solution of Ag+ Hq = 0, 
it follows that Aky A+ Eky = 0. 


When £ is non-singular this may be written 

kyl H-Ak, = —Aj?, 
so that the canonical form of H-14 is always diagonal, even when 
repeated roots occur. Hence H-14 has the modal matrix k, and the 
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latent roots —A?, — 3, ..., —A?2,. This result will be used in Chapter x 

in connection with the solution by iterative methods of the dynamical 

equations in the form H~1Ag+q=0. The matrix HA is there re- 
ferred to as the dynamical matriz. 


9-11. Orthogonal Properties of the Modal Columns and 
Rayleigh’s Principle for Conservative Systems. If A, and A, are 
any two different roots of A(A) = 0, then, since k,e* and k,e*# are 
solutions of f(D) q=(AD*?+ Ε)ᾳ = 0, it follows that | 


fA) =90, we nee (1) 

f(A) he = 9 wees (2) 

Hence also ει. wees (3) 
Ki f(a,) k, = 0. Neate (4) 


But, since in the case of a conservative system f(A,) and f(A,) are 
symmetrical, (3) may be transposed to give 
| KiflA,jhe= 0. = ave (5) 
On subtraction of (4) from (5) we have the result 
(Az —A2) kL Ak, = 0. 
Hence if A,+ +A,, ΚΑ, απ,  — φορῶν (6) 
so that also k, Ek, = 0. 


Equations (6) and (7) express the orthogonal properties of the modal 
columns.* 
On premultiplying equation (1) by k, we have 
ΛΞ Ak, =—Kh Hk, ——naweee (8) 
Equation (8) can be regarded as defining A, as a function of the ele- 
ments k,, of the modal column &,. On differentiation of (8) with respect 
to each of the elements k,, in succession we derive the set of equations 


λ, (et ki Ak, = —A2 Ak, — Ek, = —f(A,) k, = 0. 


Ok, 
Since k; Ak, is an essentially positive function, it follows that 
OA, 
[πε Ὁ Ὁ ΟΣ (9) 


The value of A, as defined by equation (8) is accordingly stationary for 
small variations of the modal columns from their true values. This 


* See § 92 of Ref. 29. 
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constitutes Rayleigh’s principle,* and by its aid very accurate values 
of frequencies of oscillatory constituents can be obtained from rather 
rough approximations to the corresponding modal column. If in (8) 
we regard k, as defining an approximate mode, the frequency n, will 
be given by the formula 

4πϑη = ki Hk,[kp Ak, = aeenee (10) 


EXAMPLES 


(i) Orthogonal Properties of the Modal Columns. Referring to the 
system considered in example (ii) of § 9-9, we have 


Α-Γ 32-16 4]; E=f48 0 0 
—-16 32 4 0 480 
4 411 0 0 12 


The two modal columns appropriate to the double roots +7 are here 
ἦι = {5, —4, 4} and k, = {—4, δ, 4}, while the column appropriate to 
the simple roots + 2¢ is ks ={1,1,-l}. 
Applying equations (6) and (7) we have | | 
ky Aka =[1,1,-1][ 32-16 4][-4] =[12, 12, -3][-4] -- 0, 
—16 32 41] 5 5 
4 4i11|| 4 


hs Hk, = 12[1, 1,-1)[4 0 0177 -- 41 = 1214, 4, --11[-- 47 - 0. 


0 4 0 5 5 
0 0 1 4 4 
Similarly, ky Ak, = [12, 12, —3]{5, -- 4, 4} = 0, 
ky Bk, = 12[4, 4, —1]{5, -- 4, 4} = 0. 
On the other hand 
k, Ak, =[—4,5,4][ 32 —-16 47[ 5]=[-4,5,4][ 240]+0. 
—-16 32 4|| -—4 — 192 
4 4 lil 4 48 


(ii) A Generalisation of Rayleigh’s Principle for Dissipative Systems 
of Special Type. In the case of dissipative systems the equations of 
free motion have the form 


f(D) q=(AD?+ BD+C)q = 0. 
* For a fuller discussion of Rayleigh’s principle see Ref. 32. 
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If A, is a simple root of A(A) = 0, and if &, is the corresponding modal 
column, then f(A,)k, = 0. On premultiplication of this equation by 
k, the result ἰδ 24 Ak, +A,k, Bk, +k,Ck, = 0. 

As for equation (8) we may now differentiate with respect to the 


elements i, of &, in succession. When A, B, C are symmetrical the 
equations so obtained can be written 


be 5 (2A,k, Ak, + k, Bk,) = _ f(A.) k = 0. 
ke 
Hence in this special case [5] Ξε 0, 

tr 


(iii) Relations between Modal Columns for Dissipative Systems. If 
k,, k, denote two modal columns distinct from k,, then by appropriate 
premultiplication of the equation f(A,) k, = 0 we have 

A2?k, Ak, + A,k, Bk, + hk, Ck, = 0, seeeea( LI) 

ΣΧ ΑΙ, + Ak ΒΕ, Οζι.  ——cnvnee (12) 
Elimination of λ, from (11) and (12) yields ἃ relation between the modal 
columns k,, k,, ἔμ Two similar relations can be obtained by ere | 

If r and ¢ are interchanged 1 in (11), then 
| ALAA, BE +h Ch, =0, sevens (13) 
and in the special case where A, B, C are all symmetrical the coeffi- 
cients in (11) and (13) will be identical. Thus A, and A, will be the roots 
of the quadratic equation 

NK Ak, +A Bh, +KCk,= 0. sss .(14) 
As ἃ numerical illustration suppose 


Toa Ls al’ “Lo sl 


with A(A) = (A2+ 1) (2λ- 3) (A+1) 
and. F(A) = [A?+  2λ- 8, —2A | 
— 2A, 2A27+A+1 


If A, =—1, A, τὸ --ἢ, Ay = +4, Ay = — 8, then 
b={ 0, m%=3,4, b= (tid, m= (1-49. 
Hence, using &, and k,, we have 
ki Aly = 10, ki Bky= 25, k,Ck, = 15. 
Equation (14) is accordingly 10A?+ 25A +15 = 0, the roots of which 
are A = —land A = — 3. 
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9.12. Forced Oscillations of Aerodynamical Systems. The 
general theory of the forced oscillations of aerodynamical systems is 
rather complicated, and only a brief discussion can be attempted 
here. In recent years the subject has assumed importance in relation 
to such questions as the mass-balance of control surfaces of aeroplanes 
and the prediction of the critical speeds for wing flutter.t | | 

A dynamical system can be forced either by the application of 
known small periodic forces or by the imposition of known small 
periodic movements at one or more given points of the system. The 
method of construction of the equations of motion will be sufficiently 
illustrated if we assume that a simply sinusoidal force or movement is 
imposed at a single point Q and in the direction of the fixed reference 
axis Ox,. Let the Cartesian coordinates of Q, referred to the fixed 
axes, be 2), 5, ἂς at any instant of the motion, and be αὖ, x%, x* 
when the system is in its mean position. Then if the generalised co- 
ordinates are measured from the mean position, the first geometrical 
equation (see §8-9) yields, to the first order of small quantities, a 
relation of the type 


By — LT = 14 + M290 + + Im Im = 1% 
where the coefficients 7, are constants dependent on the position of 
Q in the system, and 7, g denote column matrices. | 

Firstly, assume that a known force F, sin wt acts at Q in the direction 
Ozx,, and that no constraints are applied at Q in the directions Oz, 
and Ox;. Then the corresponding set of generalised forces is 

P= FEF, ysinot, 
and the equations of motion are therefore 
f(D) q=(4D?+ BD+C)q = psin wt, iepees (1) 
where p = F,7. 

Next suppose that @ is given a known motion d,sinwé in the 
direction Ow,, and that as before no constraints are imposed in the 
directions Oa, and Ox,. Then the generalised forces corresponding to 
the unknown reaction X, at Q are given by P = X,7, while on account 
of the imposed. motion at Q the generalised coordinates will be con- 
nected, by the condition 


MQ=@,snot aan (2) 
In this case the differential equations of motion are represented by 
(AD?+ BD+C)q = X,4. “πον (3) 


t See, for example, Refs. 33, 34, 35. The discussion given in this section is based on 


_. Ref. 36. 
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On elimination of the unknown reaction X, we obtain m— 1 differential 
equations connecting the m generalised coordinates g. These, taken in 
conjunction with (2), suffice to determine the motion. The elimination 
can be effected conveniently as follows. Write 


w=—[ 1, —93/9, —%s/I% ++ — ml, | - 
0, I, 0, sings 0 
0, 0, l, 3 0 
0, 0, 0, er 1 


Then (2) is readily seen to be contained in the relation 


d, s 
4 -- U --Ξ 8510 Wt, Jo, 75» e009 Im . 
ῆι 


Substituting this expression for g in (3), and premultiplying the 
equation throughout by μ΄, we obtain 


u' (AD? + BD+C) ult sin wt, Je: 3» «++ Ἂ = {X, 7,0, ..., O}. 
. 1 


The last m—1 of the scalar differential equations in (4) are in- 
dependent of X,, and they involve all the generalised coordinates with 
- the exception of g,. They can evidently be represented by a matrix 
equation similar in form to (1), except that in general there are present 
forcing terms in quadrature with the imposed sinusoidal displacement. 
of 9. 

From the preceding discussion it will be clear that both of the cases 
considered will be covered if we assume the equations of motion to be 


of the type (AD*+ BD+C)q=psinwt+pcoswt, ...... (5) 
where p and ρ are columns of assigned constants. 

The complete motion which follows any given initial conditions may 
be regarded as the superposition of a free motion and of a forced 
motion. If the real part of any root of A(A) = 0 is positive, the free 
motion will in time-completely mask the forced motion. On the 
other hand, if the real parts of all the roots are negative, the forced 
motion will ultimately predominate. In the discussion which follows 
only the forced motion is considered. For simplicity the roots of 
A(A) = 0 are assumed to be all distinct. 

Let the forced motion in the coordinate q, be 


4, = R, sin (wi+e,), 
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and write o ={R,e%i} with ¢={R,e—*i}, where i denotes ¥—1. Then, 
on substituting this trial solution in (5), we see that the constants o 
must be such that flio)o = p +i, 
f(—to)o = ορ--ἰρ. } 
Provided +t are not roots of A(A) = 0, the 2m scalar equations con- 


tained in (6) give the values of o and @ uniquely. On solution of these 
‘ters the forced amplitude corresponding to q, is given by 


R,=mod(H,/A(tw)), nana (7) 


where £, is the determinant obtained when the sth column of A(iw) 
is replaced by p+ip. To obtain the expression for the forced amplitude 
in an explicit form, suppose the expanded form of the determinant 


Se PoA™ + PAP + oe + Dn ΧΈΡΑ, 
where n = 2m. Then 
A(tw) Δί --ἰω) = PjO*®- ΩΡ +...—-P,_,O+P, 
where Q=w*, and the coefficients are conveniently expressible as 
P, = Bb; 
P, = [Po, Pal {P2, Po} — Pi 


= [Do Pa Pal {Pa Po Po} — [Pr Psl {Ps Pr}: 
and so on. In the same way, if H, denotes the conjugate of H,, we can 


write E, H, = &yQ"-2—e,0"-8+.,..-e, .Q+e, 9, 
where the coefficients e are real. Hence 
R?= Κα H,/A(iw) Δί -- ἑὼω) 


_ Qh? —e, O34... Zs nat ena .(8) 
PQ" —P,O714+...-Pj,04P 5° °°" 


An alternative expression can be obtained if the roots A,, Az, ...,A,, of 
A(A) = 0 are known. For then 


R= E,E,|P, IT (w?+ Aj); 
yom 
and on resolution into partial fractions, this gives 


Bes 5% | 9 
ep lat . see (9) 


| _ €g( AF)" 2 + €,(AZ)" 3 +... +n_g(A2) + ly 0 
where a, =a ‘ 
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Since the expressions on the right of equations (8) and (9) are identical, 
and since the numerator in (8) is of degree n — 3in δ while the denomin- 
ator is of degree n, it follows that La, = 0. 

If the forcing frequency is regarded as a variable parameter, there 
will usually be certain values of this frequency for which the forced 
amplitude of the motion in any given coordinate q, is stationary. 
The equation which gives these frequencies can be obtained by differ- 


oR, 
a 0. 
Hence | δ aw 
rot (2+ Δ) 

This yields, apart from the trivial solutions ὦ = 0 and ὦ = οὐ, 

᾿ 

Σ a, Π (ωΣ-Ελῆ-το.. 6ῸῸΌΗ, ΡΝ (10) 

r=l jer 


Since La, = 0, equation (10) is in general of degree 4m — ὃ in w*: only 
real positive roots w? of this equation yield real values of the frequency. 
The maxima and the minima of forced amplitude necessarily occur in 
alternation, and since ὦ = οὐ corresponds to a minimum (R, = 0), it 
readily follows that there can be at most 2m — 1 maxima for a system 
having m degrees of freedom. 

If two conjugate roots of A(A) = 0, say μ, : ἕω,, have their real 
parts μ, small, it is obvious from (9) that a pronounced peak value of 
R, will be obtained for some value of w close to w,. If the roots are 
actually critical, so that μ, = 0, R, becomes infinitely great for ὦ = w,, 
This is the familiar phenomenon of resonance. For this condition the 
assumed form of solution fails, and in fact the forced motion is no 
longer simply sinusoidal but is constructed of constituents of the type 
t cos wt (see ὃ 5-11 (a)). The amplitude of oscillation then grows without 
limit. 

EXAMPLE 


Forced Oscillations of a Model Aeroplane Wing. Consider the forced 
flexure-torsion oscillations of a cantilever wing. The laws of bending 
and. twisting are assumed to be invariable for the range of airspeeds 
to be considered, and the wing is accordingly treated as semi-rigid © 
(see § 8-12). Fig. 9.12.1 is a diagram of the system. The generalised 
coordinates 4), 45 are chosen to be respectively the downward linear 
displacements at the points L, T of the wing tip which lie on the 
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leading and trailing edges. It is supposed that the wing is given forced 
sinusoidal oscillations by means of an oscillator K connected through 
a spring of stiffness σὺ to the point L. 

If the imposed motion at Q is dsin wt, the dynamical equations in 
the present simple case are readily shown to have the form 


(AD? + BD +C) {q,, 99} = dogsin wt {1, 0}, 


and the amplitudes R,, R, of the motions in q,, 45 are given respectively 
by , 


i (3) _ (Ag: +Cpg)? +0" BG, 

T)\a (pow* — paw? + p4)? + 07( po" — ps)" 
wa (RY Aue ater 

σολα (pow* — pau + p4)? + w*( po" — ps)? 


These formulae are applied in Ref. 36 to ἃ light aeroplane wing of 
span 9 feet and chord 3 feet, for which the numerical data are as 
follows. The spring stiffness oy is chosen to be 4 pounds per foot, and 
the terms independent of the airspeed V in the damping coefficients 
B, represent an allowance for elastic damping. | 


Dynamical Coefficients for Light Aeroplane Wing 


~ 03456 


~ 0-633 V3 + 2502-7 C, — 0-144 V8 -- 614-7 
2-907 4-743 
0-8076 V --9 B 0-8064V +9 
0-633 V3 -- 614:7 Ο 0-144 V* + 1487-7 


The results are given in Fig. 9-12-2, which shows the influence of 
forcing frequency v=w/2m and airspeed V on R,. The critical speed 
for flutter of the wing works out at 67-8 feet per second, and the 
corresponding critical frequency is 3-2 cycles per second. It is seen 
that R, tends to become infinite for this frequency as the critical speed 
is approached. _ 


CHAPTER X 


ITERATIVE NUMERICAL SOLUTIONS OF 
LINEAR DYNAMICAL PROBLEMS 


10-1. Introductory. In the present Chapter the iterative methods 


described in δὲ 4:17 and 4:18 will be applied to obtain approximate 


solutions of problems relating to the small oscillations of dynamical 
systems. Iterative methods are particularly advantageous when the 
number of degrees of freedom is large, since the solution is obtained 
without expansion of the Lagrangian determinant. Moreover, they 
often lend themselves well to the approximate treatment of continuous 
systems such as tapered beams. 

Conservative systems are considered in Part I, and the extension 
to dissipative systems is briefly dealt with in Part II. | 


Part I. Systzms wits Damrine Forces ABSENT 
10-2. Remarks on the Underlying Theory. With a conservative 
system the Lagrangian equations of free motion have the form (see 
$ 9-3)  Ag+Eq = 0, 
in which both the inertia matrix A and the stiffness matrix E are 
symmetrical. It will be assumed that both A and # are non-singular, 
as is usually the case. In §9-9 it has been shown that the typical 
constituent motion may be taken as 
q = (et +ee) k,, 
and that A? and all the elements of the modal column k, are real. 
Moreover, (A+ B)Re=0. aaa (1) 
For the application of the iterative method it is convenient to write 
—A? =z = w™!, and to express (1) in the alternative forms 
(o,J-—U)k,=0, naa (2) 
(z,£-U-) k, = 0, eee (3) 
where U=H-!A. The matrix U will be spoken of as the dynamical 


matriz.* Krom (2) and (3) it follows that a, is a latent root of U, and 
that 2, is a latent root of U-!. 


*_ Note that this matrix is, in general, not symmetrical. 
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Equation (2) could be treated in the usual way by the direct solution 
of the characteristic equation of U. However, the iterative method is 
often preferable, more especially when the constituents are known 
to be all oscillatory and only the fundamental mode (which corresponds 
to the dominant root τῦ,) is required. If the mode of highest frequency 
is required, the iterative method should be applied to equation (3). The 
details of the process of solution are amply explained in the examples* 
given later, but some preliminary general remarks may be useful. 


(a) To construct the dynamical matrix U it is often advantageous 
to form the flexibility matrix ® = H-1 directly rather than to derive 
it by inversion of the stiffness matrix. The displacements q due to a 
set of generalised static loads W are given by 

g=OW. 
Hence to find the element ®,, it is only necessary to obtain the value of 
q,; when W, = 1 and all the remaining generalised loads are zero. This 
direct method for the construction of ® is particularly valuable in 
problems on the vibrations of beams (see §§ 10-4, 10-6). 


(b) When merely the fundamental frequency and modearerequired, 
the solution is directly obtained by repeated premultiplications of an 
arbitrary column by U. If the frequencies and modes in the overtones 
are required, it is necessary to evaluate modified matrices by the 
᾿ methods of ὃ 4:18, and to use these matrices for the iterations instead 

of U. The required row x, can be found very simply from the corre- 
sponding column k, when the system is conservative. For equation (2) 
can be written DAk, = w,k,, which yields on premultiplication by A 
and transposition KADA =KLAU =0,K,A. 3 
Hence x, may be chosen to be kA. This conclusion accords with the 
orthogonal properties of the modes discussed in § 9-11. 


(c) The work of iteration will be considerably shortened if by ex- 
perience or intuition an initial column can be chosen which is not very 
different from the true mode. 


(d) The case of equal roots, which is somewhat unusual in dynamics, 
requires special consideration. The form of a high power of a general 
matrix u which possesses a dominant latent root of multiplicity s has 
been given in § 4:15, and it is easy to see how such a root may be 


* The examples in §§ 10-3, 10-4 and 10-6 are taken from Ref. 10, and that in § 10-11 
from. Ref. 11. : | 
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obtained from u"z,, where x, is arbitrary. However, in the case of the 
dynamical matrix U of ἃ conservative system, there is a considerable 
simplification. It can readily be deduced from the results of § 9-9 that 
if w, is a latent root of U of multiplicity s, the derived adjoint matrices 


| (9-- 3) 
of w,[—U up to F(o,) all vanish. Hence the only term arising from 
the peat root w, in Sylvester’s expansion of U™ is proportional 


to om Fi τ}. Accordingly, the usual iterative method gives τσ, as 
though it were a simple root, and the s modes are proportional to the s 


linearly independent columns of Fia,. If s different arbitrary columns 
are repeatedly premultiplied by U, s different possible modes will, in 
general, be obtained. It may also be noted that the canonical form of 
U is diagonal (see example (iii), § 9-10). 


(6) When an accurate value of the fundamental frequency is re- 
quired, but no great interest attaches to the mode, an application of 
Rayleigh’s principle (see (9-11-9)) may be found advantageous. The 
principle states that small changes in the mode do not affect the 
frequency. Hence an approximate mode, given for instance by an 


uncompleted application of the iterative method, can be used todeduce _ 


a relatively accurate frequency. When the equations of motion are 
in the form (1), equation (9-11-10) may be applied. On the other 
hand, if the iterative method is being 
used, ἃ convenient modification is ob- 
tained by premultiplication of (2) by &. 
This yields 

τ, = ki Uk, [ki kp. cece (4) ᾿ 
An illustration is given in § 10-4. 


10:3. Example No. 1: Oscillations 
of a Triple Pendulum. To provide a 
simple example we shall first consider 
the oscillations of a triple pendulum 
under gravity in a vertical plane (see 
Fig. 10-3-1). The three coordinates ¢,, qo, 
73 will be taken to be the small horizontal mg AOS 
displacements of the masses m,, m,, ms, respectively, from the equi- 
librium position. Let unit force be applied horizontally to m,; then 
the three masses will each be displaced a distance a =1,/9(m, +m. + 714)» 
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so that {a,a,a} = {1, 0, 0} = {Φ... Og, P54}. When unit force is applied 
horizontally to m,, m, will again be displaced a distance ὦ, but m, and 
m, will each move a distance αὖ, where 6= l./g(ma+m,). In this 
manner the matrix ® is readily found to be 


@®=la, a, a ᾿ 
a, αἰὸ, a+6 
a, a+b, a+b+ce 
where c=l,/gms,. | | | 
If W denotes a set of horizontal forces applied to the masses, the 
displacements are given by g = ®W. Suppose now that W represents 
the inertia forces. Then 


q < a, Ὁ; α — πῇ ἦι 
74| [4 @+6, a+b -- πιχῆς 
Is a, a+b, a+b+c] | -- πιρκᾳ ἢ 
= -[ἰ πη, M,G, M,@ qi |. 


ma, m,(a+b), πιρία -ἰ δ) qe 
| m,a, m,(a+b), m,(a+b+c)} 14s 
The dynamical equations have here been constructed directly in the 
form ᾳ = — Uq. 
When the system is oscillating in a single mode, we may take 4 
proportional to k,e*, and then 
(I +A?U)k, = 9, 


or | (w, I —U)k, = 9. tenes (1) 
As a numerical example suppose that m, =m, =m, =m and 
=1,=1,=1. Then l : 
U=—[2 2 2}. 
"|2 6 65 
2 65 ill 


If the scalar factor is absorbed into τσ, 80 that now τ is taken to 
mean — 6g/A*/, equation (1) becomes 
wk = uk, 
where u is the numerical part of U. This last equation is readily solved 
by the method of iteration. The dominant value οὔτ and the associated 
column k, which correspond to the fundamental oscillation, are quickly 
obtained when an arbitrary column, say {1,1,1}, is repeatedly pre- 
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multiplied by wv. Thus 
w{1, 1, 1} = {6, 12, 18} = 18{0-3, 0-6, 1}, 
u{0-3, 0-6, 1} = {4, 9,15} = 15{0-26, 0-6, 1}, 
u{0-26, 0°6, 1} = 14: .δ8{0- 25688, 0’ STAG, I}, 
and after nine steps in all, 
u{0-254885, 0°584225, 1} = a -4309{0- ὰ ὦ 0-584225, 1}. 


The fundamental frequency is given by = ΙΖ , and a close 
Dy. 


approximation to its value is thus 


oe ae. eee 4 
2π ‘Tea3oor ~ "102624 v 


Moreover, the corresponding modal column &, is proportional to 
{0-254885, 0-584225, 1}. It will be observed that at each step in the 
iteration a homologous element in the column is for convenience 
reduced to unity. 
If the overtones are required, the methods of § 4-18 may be applied. 
_ It is necessary in the first place to find the row κι, where τσ Κι = Κι τ. 
Since A is here a scalar matrix, we deduce at once that (see ὃ 10-2(5)) 
Κι = k, = [0-254885, 0-584225, 1]. 
Now in any oscillation from which the fundamental is absent x,q = 0. 
Hence we may write 
0-2548859, + 05842259, +9, = 0, 
or 41 = —2°292119,—3°92384q,. 6ὁ6Θ6ΘΌοϑ...... (2) 
Accordingly, when the fundamental is absent 
4] =[0 —2-29211 —3-92334][q,]. 
42 0 1 0 45 
Is} 10 ὃ. 1 Ys 
Substitution in the right-hand side of the equation wq = uq yields 
“= Ὁ, where | 
v=[2 2 2770 ~—2-29211 —3-92334 
2 5 “5179 1 0 . 
2 δ jlo 0 1 
=[0, —2-58422, —5-84668]. 
0, 041578, —2-84668 
0, 0-41578, 315332 
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This matrix is, of course, identical with that given by the formula — 
(4:18-3) with r = 1, namely v = u—— {tig} ey 
Ky 


We now proceed by the iterative method, starting with an arbitrary 
column, say {1,1,1}. In the process of approximation it is evidently 
unnecessary to compute the leading element of any column, since 
this is always pee by ἃ cipher in the succeeding step. In this 
way we find | 


v{1, 1, 1} = {—, —2-4309, 3-5691} = 3-5691{—, — 0-68110, ἢ 
v{—, —0-68110, 1} = {—, — 3:1299, 2-8701} 
| = 2-8701{—, — 1-09049, 1}, 


and after fifteen approximations the column repeats itself, the scalar 
factor being 2-6152. A computation of the leading element then gives 


vf — 0-95670, — 1-29429, 1} = 2-6152{ —0-95670, — 1-29429, 1}. 
- Hence in the first overtone the mode is { — 0-95670, — 1-294289, 1}, and 


a a ee i 
the frequency is — 57 261501 > 0-24107 Τ᾽ 


To determine the second overtone we note that the condition for 
absence of the first overtone is #,Aq = 0, or 


[ — 0-95670, — 1-29429, 114 = 0, 
whence gy = —1-35287q,+1-04526q,,  ....... (3) 
Elimination of gq, between (2) and (3) yields 
Ὁ = 0-93924¢, + 49686095, 
or* Go = — 5-290095. 


Hence for a motion in which the fundamental and the first overtone 
are both absent we may write 


1) = 1, 9, 0 41}: 
qo 0, 0, —5-2900] | 4, 
44 0, 0, ᾿ 1 3 


* This result could also have been obtained by repeated postmultiplication of an 
arbitrary row by v, which yields (0, 1, 5-2899]v = 2-6152(0, 1, 5-2899]: see also footnote 
to 8 4:18. 
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and making this substitution on the right-hand side of the equation 
ἴσῃ = vg, we obtain wq = τυρῷ, where 
w=[0, —2:58422, —5-84668]f1, 0, 0 
0, 0-41578, —2-84668]10, « 
0, 0-41578,  3-15332]1 0, 
={[0, 0,  7-82387. 
0, 0, —5-0461 
0, 0,  0-9539 
The iterative process here yields, in one step, the result 
w{8-2019, — 56-2900, 1} = 0-9539{8-2019, — 5-2900, 1}. 
The mode is thus proportional to {8-2019, —5-2900, 1} and the 


| 
σι 
re 
S 


frequency is found to be 0-39916 6 : 


The second overtone could alternatively have been deduced directly 
from the inverse of the matrix τ. It is readily found that 
ων = 4 δ -2 O17, 
-2 3-1 
| 0-1 1 
and the iterative process when applied to this matrix yields the result 
u-{8-20180, — 5-28994, 1} = 1-048323{8-20180, — 5-28994, 1}. 
The mode agrees well with that found previously, while the frequency 


works out as 4, Ἢ 
— [SX F0S83299 _ 0.399157 is 
Qn t ἶ 


10.4, Example No. 2: Torsional Oscillations of a Uniform 
Cantilever, An illustration will next be given of the use of the method 
in relation to continuous systems. As an approximation the given 
system is replaced by a finite system of rigid or semi-rigid* units, 
suitably interconnected. In order that this finite system may reproduce 
closely the behaviour of the continuous system, the number of such 
units must usually be large. 

Suppose the given uniform cantilever to be divided into ten equal - 
sections. These sections are assumed to be rigid, and to be inter- 
connected by torsion springs, the stiffnesses of which are so chosen that 


* For definition of “semi-rigid” systems see § 8-12. 
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the torsional stiffness for the complete finite system measured at the — 
middle of each section agrees with that for the continuous beam at the 
~ corresponding position. The coordinates 4 are taken to be the angular 
displacements of the segments from the equilibrium positions. Let 8 
be the span of the beam, C the torsional stiffness per unit length and P 
the polar moment of inertia for unit length. 
The flexibility matrix is easily found to be 
© = (3) 0:05 0-05 0-05 0-05 0:05 0:05 0:05 0-05 0-05 0-05 
\C] | 0-05 0:15 0:15 0016 0-15 0:16 0-15 0-15 0.16 0-15 
0:05 0°15 0-25 0-25 0-25 0-25 0-25 0-25 0-25 0-25 
0:05 0-15 0-25 0-35 0-35 0-35 0-35 0-35 0-35 0:35 
0:05 0-15 0-25 0°35 0°45 0°45 0°45 0-45 0-45 0°45 | 
0-05 0-15 0:25 0°35 0°45 0-55 0°55 0:55 0-55 0-55 
0:05 0-15 0:25 0-35 0-45 0-55 0-65 0-65 0-65 0-65 
0-05 0:15 0:25 0-35 0-45 0°55 0-65 0°75 0-75 0-75 
0:05 0°15 0-25 0:35 0-45 0°55 0°65 0.76 0°85 0°85 
0:05 0-15 0:25 0°35 0:45 0°55 0-65 0-75 0°85 0-95 
and the inertia matrix is evidently 0-1sP times the unit matrix Jy. 
The dynamical matrix U is thus simply the numerical matrix u= (2 Φ 


multiplied by the scalar 0-1s2P/C. Hence the iterative process, when 
applied to the matrix ων, will yield the dominant value of 
τὸ = —10C/s*A2P. 

To illustrate the convergence, the initial mode chosen in Table 10-4-1 
differs widely from the true fundamental mode. For the purpose of 
comparison, the exact solution for the continuous beam is tabulated 
beside the solution obtained for the segmented beam. | 

Rayleigh’s principle will next be applied to determine the frequency 
from an approximate mode. Assume the third column of Table 10-41 
to be the approximate mode £,: then the fourth column is U&,. Hence 


ki, Uk, = (0-0752 x 0°3139) + (0-2241 x 0-9342) +... + (1-0 x 40100), 
and kek, = 0-07522 + 0-22412+... + 1-02. 


Accordingly 
τ, = K.Uk,|kik, = 19°8630/4-8916 = 4-0606. 


This value for w, is identical with that found in the eighth column, and 
is very accurate for the segmented beam. 


816. ᾿ TORSIONAL OSCILLATIONS OF A BEAM 1[0.4-10.5 


| Table 10-4:1 
Fundamenial Torsional Oscillation of a Uniform Cantilever 


Iteration number 


PESPSSSOSO 
δι δι δι δὲ δι ἔν δὲ δὶ δι δὶ 


10-5. Example No. 3: Torsional Oscillations of a Multi- 
Cylinder Engine. In this example a multi-cylinder engine is supposed 
to be coupled to an airscrew of very great inertia. The rate of revolution 
of the airscrew is assumed constant and the system can therefore be 
treated as though the airscrew were fixed. The problem is now very 
similar to that dealt with in §10-4 except that the stiffnesses and 
inertias of the segments may be variable along the shaft. — 


Fig. 10.6.1 


Let the moments of inertia of the rotating masses, augmented by an 
allowance for the reciprocating masses,* be J,,dg,+..,d,, and let the 
stiffnesses of the sections of the crankshaft be C, Cy, ...,C,,, a8 shown in 
Fig. 10-5-1 for the case n = 6. The ἢ coordinates g are again chosen to 
be the angular displacements from the equilibrium positions. Suppose 
unit torque to be applied at J,; then g, = g,=...=q_ = 1/0, =f, 
say. If unit torque is applied at J, the displacements are φ, = ἢ, and 


* This allowance corresponds to half of the reciprocating mass supposed situated at the 
centre of the crankpin. 
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Ge = Ig Ξε...- 4, =f ἘΠ. Where f, = 1/C,. Proceeding in this way we 
findthat 


®=| fi fis fi coop fi ; 


fo faith,  SitSte sees Sitts 
fr ΔΊ, Sittathe .... Sithat-- thn 
which gives 
U =f, Jofis Jaf; cates εἶ ἢ 
ἄν. Jlfitte), τ)». ... In(fitde) 


CO ea OOO HAASE TH OEE HE OEHHA EEOEHEESEOH HOHE SHEHEHEH ER EHESERHETEHFOSS 


Afi Ilfitte)» Isfitfatfe)> .... Infitfet--- thn) 
As 8 numerical example assume n = 6; J, =J,=...=dg=J; and 
C, — CZ = sae Ξε = σ, with C; = 0.6. Then 


[2 2222 2] J 
“Glo 3333 3) ΟΣ 
2344 4 4 
23 465 5 5 
l2 3 4 5 6 6 
23 45 67 


Table 10-5-1 | 
Fundamental Torsional Oscillation of a Six-Cylinder Engine 


Iteration number 


5 7 
9-11734 0-40301 9-11870 9-11884 0-40303 
13-27316 0-58671 13-27504 13-27523 0:58673 
16-84246 0:74448 16-84467 16-84489 0-74450 
19-66745 0-86935 19-66982 19-67005 0-86936 
21-62320 0-95580 21-62562 21-62585 0-95580 
22-62320 1-0 22-62562 22°62585 10 
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Hence if w = — a the equation to be solved is wg = ug. The com- 


putations in the iterative process, with {0,0,0,0,0,1} chosen as the 
initial column, are summarised in Table 10-5:1. 

It will be seen that seven iterations are sufficient to determine the 
mode to five significant figures, and the value of @ is then 22-626. 

In a treatment of the same problem by Carter* an equation equi- 
valent to the characteristic equation of u is given with certain terms 
kept general. With the data chosen for the present example his 
ee can be written 

- 270° + 105m4 ~ 1400? + 810 -- 21m +2 = 0, 


and it can be verified that the dominant root is the value of w just 
computed by the iterative process. 


10-6. Example No. 4: Flexural Oscillations of a Tapered 
Beam. We shall next find the fundamental mode and frequency of 
flexural oscillation of a cantilever beam which closely resembles an 


_ untwisted airscrew blade. The beam chosen is such that the differential 


equation governing the flexural oscillations has a known exact solu- _ 
tion, which will be compared later with the solution given by the 
iterative method. The symbols to be used are as follows: 
A = sectional area at a current point, 
B = flexural rigidity at a current point, 
o = constant density of the material, 
= span of the beam, 
48 = distance of a current point from the root, — 
q = amplitude of oscillation, 
Ay, By = values of A, B at root. 
The beam is specified by the equations 
A = A,(1—7), 
p (haa)? (184 + 2589 + 2227? + 767° — 7598), 
184(1 + 157) 
The displacement in the true fundamental mode is proportional to 
67? + 287° — 1574, 


B= 


_ and the corresponding frequency is given by 


Bo 
.. Χ8 -- 
λβ = 13: 6066 5 iA -). 


* Ref. 37, 
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For the iterative treatment the beam is supposed to be divided into 
ten segments of equal length. Each segment is replaced by a particle: 
of mass equal to that of the segment and situated near the appropriate 
centroid, the position being chosen to provide round numbers for the 
fraction of the span, namely 0-05, 0°15, 0-25, 0-35, 0°45, 0-55, 0°65, 0°75, 
0-84, 0-93. The particles are assumed to be interconnected by springs 
in such a manner that their displacements under ἃ system of static 
loads are identical with the displacements of the continuous beam at 
the corresponding positions under the same conditions of loading. 
Since the flexibility matrix is symmetrical, it is sufficient to consider 
the case where the load is external to the point at which the displace- 
ment is measured. Let unit load be applied at a point L distant 37, 
from the root; then the bending moment at a current point P distant 
a7 from the root (where 7 <7,) is δ(η,, -- ἢ). The curvature at P is there- 
fore 3(7,—7)/B. The bending of an element of length sdy at P causes 
a rotation of the part of the beam external to P of amount 8ξ(η, — 4)dy/B, 
and the resulting displacement of a point D distant 87, from the root 
is 8*(4,—7) (ηρ -- η) dy/B. The total displacement at D due to the unit 


load at L is thus % 
ce " 83(η;,-- ἢ) (η»-- η) ἄη8, 


where ἢ «ἤν «η;. This integral is computed with the aid of Simpson’s 
rule to give the flexibility coefficients. 


The mass of any segment is given at once by { o Asdy taken over the 


segment, and the inertia matrix consists simply of the diagonal matrix 
of the masses. The dynamical matrix is finally given by 


U = sto A, 
= [0B 
where τὸ is the numerical] matrix 
0-0048 0:0179 0-0278 0-0338 0-0374 0-0378 0-0350 0-0290 0-0195 0-0072 
0-0200 0:1539 0-2895 0-3848 0:4383 0:4504 0.422 0-3530 0:2396 0-0890 
0-0351 0-3281 0-8018 1-1895 1-4256 1-5089 1-4399 1-2190 0-8340 0-3122 
0-0494 0:5032 1-3725 23550 3-0453 3-3530 3-2778 2-8195 1-9500 0-7361 
0-0646 0:6774 1:9440 35990 65-1304 65-9868 6-0473 65-3138 3-7247 1-4204 
0-0798 0-8509 2:6148 4.843] 17-3172 91962 9-7464 88148 6-2893 2-4299 
0-0950 1-0260 3-0855 6-0872 9-5029 12-5311 14-1421 13-3540 9-7689 93-8417 
0-1102 1-2002 3-6570 17-3307 11-6902 15-8666 18-6956 18-7320 14-2533 5:7557 
0-1235 13574 41700 84500 13-6570 18-8680 22-7941 23-7555 19-0581  8-0196 
0-1368 1.6139 4-6838 9-5700 15-6250 21-8691 26-8919 28-7782 24-0587 10-8837 


Ifw = — 10° B,/s*0.A,A2, the equation for solution is wq = ug, in which 
4 here represents the column.of the displacements of the ten particles. 


10°6-10°7 


The solution by iteration is shown in Table 10-6-1, where the 
arbitrary initial mode is chosen to be parabolic. Since the amplitudes 
near the tip are liable to rather larger errors than elsewhere for highly 
tapered beams, the amplitude at 0:75 of the span is chosen as the 
standard of reference, and is reduced to unity at each step. The funda- 
mental mode and the corresponding value of w are determined in five 
steps, and compare well with the exact solution for the continuous 
beam. 
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| Table 10-6-1 
Fundamental Flexural Oscillation of a Tapered Beam 


Iteration number 


0-00183 0-1288 


1-5502, 


5-2631 | 0-07271 

11-9308 | 0-16481 

21-9603 | 0-30325 

: 35-5004 | 0:49037 

54-0074 | 0°72692 | 52-4388 | 0-72436 

74-2962 | 1:00000 | 72-3938 | 1-00000 

94-5355 | 127243 | 92-3589 | 1-:27578 
116-9423 113-5088 


solution 

for con- 

tinuous 
beam 


0-1284 
15458 
5-2493 
11-9025 
21-9144 
35-4370 
52-3618 
72°3097 
92-2751 
113-4305 


0:1284 
1-5455 

. 62482 
11-9003 


21-9109 © 


35-4324 
52-3564 
72-3044 


92-2705 ᾿ 


113-4272 


0:00177 


1-57935 


10°7. Example No. 5: Symmetrical Vibrations of an 
Annular Membrane. The transverse vibrations of an annular 
membrane have already been discussed in example (iii) of ὃ 7.10 and in 
ὃ 7:15. The same problem will now be solved by the iterative method. 


10°7 a A VIBRATING MEMBRANE 321 


If the annulus is bounded by the radii r,, r,, and if unit load is dis- 
tributed evenly round a circle of radius r, then for p<r the small 
displacement 4 of a circle of radius p is readily shown to be 


_ log (ra/r) log (ρίνγι) 
2nT log (r./73) 


where 7' is the tension per unit length of the membrane. In the 
problem previously considered 7) = 1, r, = 2: hence 


= log (2/r) log p | 
= “ba T log? (p <r). ΠΣ (1) 


Suppose the membrane to be divided into ten annuli of equal width, 
having mean radii 1-05, 1-15, 1-25, etc. Let each annulus be replaced 
by 8 massive circular ring at the mean radius of the annulus, and 
let these rings be interconnected by springs in such a manner that 
the displacements under a static load system equal the displace- 
ments of the continuous membrane under the same load system. 
The flexibility matrix is then determinable from the equation (1): 
the case p <r need only be considered since the matrix is symmetrical. 
The inertia matrix is again the diagonal matrix of the masses and 
is easily found. The final equation is wp = uq, in which ux 10° is 
the matrix 


6-226 5-856 5-406 4-883 4291 3-636 2-921 2-150 1-327 0-454 
5-347 16-776 16-487 13-987 12-292 10-415 8367 6-160 3-802 1-301 
4-541 14-248 24-727 22-382 19-625 16-628 13-359 9-835 6-070 2-078 
3-798 11-915 20-678 30-034 26-394 22-363 17-967 13-227 8-164 2-794 
3-107 9-748 16-918 24-574 32-679 27-688 22-245 16-377 10-108 3-460 
2-463 7-727 13-410 19-477 25-902 32-658 26-237 19-316 11-922 4-081 
1-859 5-832 10-121 14-700 19-548 24-647 29-980 22-072 13-623 4-663 
1-290 4-048 7026 10-204 13-569 17-108 20-810 24-665 15-223 5-211 
0-753 2363 4-102 5-957 7-922 9-989 12-150 14-400 16-735 65-728 
0-245 0-768 1.332 1-935 2-573 3-244 3-946 4677 65-435 6-219 


10 (2) loge 2 


and ~ — A®\m/) log, 10’ 


where m denotes the mass per unit area of the membrane. 

In Table 10-7-1 the initial arbitrary column chosen is parabolic, and 
yields zero displacement at the edges of the membrane. The funda- 
mental mode is proportional to the last column in the Table, and the 
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corresponding value of w is 0-13514. To provide a comparison with the 
results of §§ 7-10 and 7-15, make the substitution 


_ 10 logyy2 
“Πα log,10° 


Then the value of K works out as 9-674, in comparison with the 
figure 9-753 obtained from tables of Bessel functions. 
| Table 10.7.1 . : 
Fundamental Transverse Vibration of an Annular Membrane — 


Iteration number 


Initial 


column 


SPSOSOHHOSOOO 
μ- CH ἢ Tt he 
OHAaSSSOaNe 


10-8. Example No.6: A System with Two Equal Frequencies. 
Consider the system of light rigid rods shown in Fig. 10-8-1. The rods 
AB, CD, EF, each of unit length, owing nai the axis A # under the 
constraint of springs of stiffnesses 4, $, 4, respectively, and are also 
jointed to the rigid rod BF’. The lengths AC, CH, BD, and DF are all 
equal. Lastly, the rod DG, which is of unit length, swings about the 
axis -BF under the constraint of a spring between CD and 26 of 
stiffness 4. Masses 4, 4, 1 are carried at B, F, G, respectively. 
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Take as generalised coordinates q,, 72, 45 the linear displacements 
of B, F, G, respectively. Then the displacement of D is $(q, Ὁ 49). In 
@ general static displacement of the system, the elastic moments at 
A, C, H, Ὁ, will be ἐφ, (G1 +492) $42 ξ(45 -- 41 — 42), and since the lever 
arms are all of unit length, the vertical forces at B, D, F, G are also 
491, $(91 Ὁ 44), $42, ξίας -- 41 -- 44). To find the flexibility matrix, apply 
unit load at B, F, G in succession. When unit load is “ppied at B, we 
have by moments about 41, 

1 = ἐσ, Ὁ #91 +92) + $42 = Ut 

while by moments about AB, 


$7n+8(Qit92)=90, or 4, 24. -- 0. 


Fig. 10.8:1 


Hence 41 -- 2, g,=—1, and since the moment at D is zero, 
9s = 41 4, = 1. The displacements are thus {2, —1, 1}. Similarly, 
when unit load is applied at Ε΄, the displacements are { — 1, 2, 1}. When 
unit load is applied at G, we have by moments about AZ, 


2 = ἐφ, + (σι Ὁ 92) Η ἔφ, = 4.- 42» 
and, since the displacement is symmetrical, g, = 44 = 1. Moreover, by 
moments about BF, | 
1=$(93—91—%) OF 9, = 11. 
Hence in this case the displacements are {1, 1,11}. The nS Uty, 


matrix is thus @=f 2-1 11. 
-l1 2 1 
1 111] 


The inertia matrix is evidently 

A=f4 0 0 
0 4 0 
0 0 1 
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Hence the dynamical matrix is 


JU=@0A = 8-4 1]. 
| —-4 8 1 
4 4 ll 


If the initial column for the iterative solution of τ = ὕᾳ is chosen to 
be {0, 0, 1}, the results are as tabulated below. 


Iteration number 


The corresponding mode is thus {0-125, 0-125, 1-0}, while w = 12. 
On the other hand, when {0, 1, 0} is _— as the initial oa 
the results are as follows: 


Iteration number 


-1-0 
1-259 


Hence again w = 12, but the mode is now {—1-0, 1-250, 1-0}. The 
_ system therefore has two equal frequencies given by w = 12, and the 
two corresponding modes may be arbitrary linear combinations of 
{0-125, 0-125, 1-0} and {— 1-0, 1-250, 1-0}. Subtraction of the second. of 
these columns from the first yields {1-125, — 1-125, 0}, so that the 
modes may conveniently be taken as {1, —1, 0} and {1, 1, 8}. The first — 
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represents a torsional motion about the undeflected axis CDG, while 
_ the other is a pure flexural motion having the same frequency. From 
physical considerations it is now clear that the third mode is purely 
flexural and has a different frequency. This mode and frequency can 
readily be found from the conditions for absence of 108} two funda- 
mentals, namely (see ὃ 10-2 (b)) 


ki Aq=[1, —1,0] Aq = [4, —4,0]q = 0, 
k,Aq=[1, 1,8] Aq = [4, 4, 8]q = 0. | 
Hence g, = 9. = -- 45, or the mode in the overtone is k, = {-- 1, —1, 1}. 


The relation Uk,=w,k, now gives at once w, = 3. It can in fact be 
verified that 7 


ὕσπι-- ΤΊ —1 -1][12" 0 0 1 1 27) 
1 1-1/] 0 127 o[|-9 9 0 
8 0 1s, 0 oO 85|]|-8 -8 2 

_ 12871 -1 | 11 1." -1][-8 -8 2], 


~ 1841 afL-9 9 of 18] -1 


8 0 ] 
and it will be observed that the canonical form of U is diagonal. 


10:9. Example No. 7: The Static Twist of an Aeroplane 
Wing under Aerodynamical Load. An illustration of the iterative 
solution of a statical problem may be useful. Suppose an aeroplane 
wing to be subjected to an aerodynamical twisting moment which 
varies with the angle of twist. It is required to determine the equi- 
librium configuration of the wing. 

Suppose the wing to be divided into n segments. Let a, be the 
initial mean incidence of the rth segment, measured from the position 
corresponding to zero aerodynamical moment, and let a,+6, be the 
incidence under load. The aerodynamical twisting moment is assumed 
to be M, = ~W,(a,+6,), where —W, is a positive coefficient depending 
on chord, wind speed, etc. The flexibility matrix of the wing will be 
denoted by ®, and ®-! = H. Hence if the set of aerodynamical loads 
M is applied to the wing, and if W denotes the diagonal matrix of the 
coefficients W,, the twists 0 will be given by 


6= OM = —OW(a+6) -- στ [0, περι 1} 
where g = —®Wa and f = —OW. 
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This equation can be solved at once by means of the iterations 
6(8+1) = 9+f0(s) as described in §4:13(d), provided that the latent 
roots of f all have moduli less than unity. It will now be shown that if 
the equilibrium position is stable, this condition is satisfied. 

Equation (1) can be written | 

(E+ W)0+ Wa = 0. 
Choose new coordinates ¢ given by 
(E+W)¢ = (£+W)0+ Wa, 

so that ¢ is measured from the equilibrium position. In any displace- 
ment ¢ the change in the potential energy is given by 4¢’/(£ + W) 4; 
and ifthe energy is to be ἃ minimum in the equilibrium position, which 
is the condition for stability (see ὃ 8-11), then the quadratic form 
¢'(E£+ W)¢ must always be positive. In this case the arguments of 
§ 9-9 can be applied to the determinant | #A+ W |. When A = 0, since 
W is a diagonal matrix of negative quantities, the determinants A, of 
§9-9 are alternately positive and negative. When A = 1, they are by 
hypothesis all positive. It follows that the roots of | HA+W| = 0, 
which are the latent roots of —H#-1W = —®W =f, are all real, positive, 
and less than unity. Hence if the equilibrium position is stable, the 
iterative process converges. | 

As ἃ simple numerical example, imagine a wing to be divided into 
three sections. Let unit torque applied at sections 1, 2, 3, respectively, 
produce corresponding angular deflections (in degrees) of {1, 1, 1}, 
{1, 2, 2}, {1, 2, 3}. Further, Jet the chord and wind speed, etc., be such 
that W, = —0-1, W,=-—0-1, W, = —0-05 unit of torque per degree. 
Finally let the uniform initial incidence be one degree. Then 

f=-®W=f1 1 11701 0 0 0-1 0] 0-05], 
12 21] 0 ΟἹ 0 ΟἹ O02 0 
Ι.2 8|[0 0. 0-05 ΟἹ 0-2 0:1ὅ 
9 -- -- γα --[01 0-1 0-05][1] = [0.26]. 
ΟἹ 0.2. O1 [11 0.4 
O-1 0-2 O15}; 1 0-45 
Choosing θ(0) = g, and calculating in succession the values of 
O(8+1) = g+fo(s), 
we obtain the following results: 
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6(1) = 
g +f8(0) 


Hence the solution is 
θ = {0-389, 0-639, 0- 725}. 
It may be noted that the latent roots of f are 0- -373, 0-050, and 0-027. 


ῬΑΒῚΤ Il. Systems WITH DAMPING FORCES PRESENT 


10°10. Preliminary Remarks. The methods of Part I can be 
extended to the case where damping or “‘motional’’ forces are present. 
The first step is to replace the Lagrangian equations by an equivalent 
system of the first order. Usually the most convenient scheme of 
reduction is that given at the end of § 9-7. If the original equations are 


| (AD*+ BD+C)q=9, 
and if y= {q, ὦ), the reduced equations of free motion will be | 
_ UY, = tn nee (1) 


in which 
40, er 
If y = ek, denotes the typical constituent of (1), then 
(A, —u)k, = 9, 


and this equation can be treated, as before, by the iterative method. 
The modes of motion are obtained successively in descending order of 
the moduli of the latent roots of u (i.e. of the roots A,). If the modes 
are required in ascending order of the moduli, then the process should 
be applied to the equation (λ-11 —u—) k, = 0. 

Since the latent roots of τὸ will frequently be complex, it may be 
necessary to apply the formulae given in ὃ 4-20. If a pair of conjugate 
ia a roots A,, A, = "Δ ἴω are dominant, then 4 and w can be 
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determined from the relations | 
ase — Hii, 
26 = EF, 43— ὅρια Boss 
E, 7 ἜΣ | ι 


where H,, H,,,, etc. are consecutive values of a homologous element of 
the column or row used in the iteration, and 8 is sufficiently large. 


10-11. Example: The Oscillations of a Wing in an Air- 
stream. The system to be considered is a model aeroplane wing 
placed at a small angle of incidence in an airstream. The three degrees 
of freedom assumed are wing flexure, wing twist, and motion of the 
aileron relative to the wing. When the wind speed is 12 feet per second 
the matrices of the dynamical coefficients are as follows:* 


A=f[17-6 0-128 289 ]x 10-3 
0-128 0-00824 0-0413 
2:89 0-0413 0-725 
B=[7-66 0-245 210 7x10-3, 
0-0230 0-0104 0-0223 | 
0-600  0-0756 0-658 
C=f121 189 159 7x10, 
| 0 0-0270 0-0145 
| 11-9 0-364 15:5 
It is found that | 
A-1=[ 0-1709 1-063 —0-7417] x 103. 
1:063 1765 —14-29 | 
—0-7417 —14-29 5-150 
Hence 
-Γ 0 0 oO | 0 
0 0 0 § Oo 1 0 
0 0 0 | 0 ὟΣ 1 
~—11-85 —0-08172 8-764! —0-8885  0-003147 _ 0-1054 
41-43 —1:573 2050 '—3628 —1-016 3-235 
28-46 —0-08696 —67-82 | 2-920 —0-05901 —1-512 


* Numerical data extracted from Table 24 of Ref. 30. 
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When the initial arbitrary column is chosen to be 


y(0) = {0, 0, 0, 0, 0, 1}, 
the iterative process yields 
y(1) = uy(0) = {0, 0, 1, 0-1054, 3-235, — 1-512}, 
y(2) = uy(1) = {0-1054, 3-235, — 1-512, 8-521, 193-4, — 65-42}, 


and so on. We now choose a homologous element from the successive Ὁ 
columns, and derive (for instance) the Table given below. The method 
of tabulation is a modification of a scheme due to Aitken (see ὃ 4°20). 


Ce pe sl | ππππππ-ννοΦΨψΨγέὅἔοἔΕιἜρΨἔἜσέἘοΠ. 


1 ἘΞ = 
2 as = 
3 _ 22 
4 = ΘΗ 
δ ; = — 
6 —12-16 — πεῖς 
Ἵ -- 8-758 x 1018 — — 
8 — 6-309 x 1014 1-116 x 10% —- 1-769 
9 — 4545 x 1018 -- — 

10 ae, aa = 

11 -Ο-Ἴ062 x 10° _ at 


Accordingly, 4? + w* = 72:04 and 2u = — 1-769, so that the dominant 
latent roots of the matrix τὸ are A, and its conjugate A,, where 


A, = μ- ἴω = — 0-885 448-443. 


The modal column, say k, = ξ- ΕἾ, corresponding to the root 
A,, is readily found. Since k, is arbitrary to a complex scalar multi- 
plier, we may choose for instance the rth column in the iteration to be 
half the sum of the conjugate complexes £ + 77, i.e., ξ. Then the (r +- 1)th 
column will be μέ — wy, and hence & and 7 are obtained. The first three 
elements of +47 define the amplitudes and epochs of the generalised 
coordinates g, and the last three those of the generalised velocities q. 
Actually, since ᾧ = Aq, the last three elements in any column are iden- 
tical with the first three elements in the succeeding column; hence g 
may be determined from one column only. In the present instance, 
the 10th column is 


 106{-- 2-412, — 39-00, 15-52, 26-65, 528-8, — 181-9}. 
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On omission of the factor 105 this gives | 
{E,, ἕῳ £5} = {— 2-412, — 39-00, 15-52}, 

while η is defined by 
— 0°885{ — 2-412, — 39-00, 15-52} — 8-443{7,, 79, 45} 


= {26-65, 528-8, — 181-9}. 
Hence 
= {— 2°412 —+ 2-904, — 39-00 —2 58-55, 15°52 - ὁ 19-92}, 


or, since a scalar multiplier may be extracted, 
k, = {1-0, 18-5344 1-961, — 6-686 — 40-2085}. 
This value can be verified by substitution in the equation 
AjAK, +A, Bk, + Ch, = 0. 


The remaining modes of motion can be found as usual by the use of 
the condition for absence of the dominant mode. If R,, and R,,,, are 
two successive rows obtained by repeated postmultiplication of an 
arbitrary row by w, then (see § 4-18) the conditions for absence of the 
dominant mode are R,,y = 0 and R,,,,y = 0. In the present example, 
if [0, 0, 0, 0, 0, 1] is used as an initial row, then the 9th and 10th rows 
found by the iterative process may be written 


8-273 x 1071, —0-000781, — 1-910, — 0-004369, — 0-001575, 0-1877], 
44-09 x 1071, —0-002531, — 2-456, 0-2924, —0-001927, — 0-4126]. 


If these rows are used in the above conditions, and y, and y, (=49,) 
are then expressed in terms of the remaining coordinates, we find 


Y, = 0-005896y,-+ 1-840y, + 0-001186y, + 20234. 
We may therefore write 


¥i,| = [9, 0-000807, 1.918, 0, 0-001580, —0-17897 [y,]. 


Y> 0, 1, 0, 0, 0, 0 Ys 
Y3 0, 0, 1, 0, 0, 0 Ys 
Y, 0, 0-005896, 1-840, 0, 0-001186, 2-023 Ys 
Ys 0, 0, 0, 0, 1, 0 Ys 
Yo 0, 0, 0, 0, 0, 1 8 
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Introducing this condition on the right-hand side of the equation 
τ dy = uy, we obtain a modified equation Ay = vy, where 


v=f0,  0-005896, 1.840, 0,  0:001186, 2-023 
0, 0, 0, 0, 1, 0 
0, - 0, 0, 0, 0, 1 
0, —0-09652,  —15-60, 0, —0-01663, 0-4279 
0, —1-561, 274-8, 0, —0-9548, —11-52 


0,. —0:04678, —7-861, 0, —0-01058, —0-6963 


This matrix possesses properties similar to those of τ except that 
zero latent roots have been substituted for the original dominant roots 
p+ tw = -- 0.888 +4 8-443. Hence the iterative process, when applied 
to v, would yield the subdominant latent root or roots of « and the 
associated mode of motion. | | 


CHAPTER ΧΙ. 
DYNAMICAL SYSTEMS WITH SOLID FRICTION 


11-1. Introduction. (a) General Range of the Theory. The theory* 
to be given relates solely to dynamical systems which, apart from the 
presence of solid friction, obey linear laws. The term solid friction is 
interpreted to mean a resistance between two bodies, due to tangential 
surface actions, which follows the simple idealised law that its magni- 
tude has a constant value so long as relative motion between the bodies 
occuts. Whenever the forces tending to produce relative motion fall 
short of the foregoing value, the resistance adjusts itself to balance 
these forces, and no relative motion results. These simple laws, which 
are adopted as a mathematical convenience, take no account of the 
difference between static and dynamic friction, and thus only approxi- 
mately represent true conditions. 

The influence of friction on the oscillatory behaviour of a dynamical 
system is often somewhat unexpected. For instance, the introduction 
of friction may cause an otherwise stable system to develop maintained 
oscillations. | 


(δ) Experimental Illustration of the Influence of Friction. Some 
wind tunnel experimentst carried out at the National Physical 
Laboratory in connection with tail flutter of an aeroplane illustrate 
some of the effects of solid friction. The model used had a rigid front 
fuselage but a flexible rear fuselage and tail unit, and it was suspended 
by a sling of wires from a turn-table locked to the roof girders of the 
wind tunnel. Occasionally the locking bolts of the turn-table worked 
slack under the tunnel vibration, with the result that the whole model 
became capable of angular displacement in yaw, but only under con- 
siderable frictional constraint. The degrees of freedom of the dynamical 
system, when tested under such conditions, can (for simplicity) here be 
_ taken as angular displacement of the rudder, lateral bending of the 

rear fuselage, and yawing of the whole model resisted by a considerable 
frictional moment. At moderate airspeeds the motion of the model was 
of a peculiar spasmodic type, which gave the impression that increas- 
ing and decreasing oscillations were occurring in succession. 
* Chaps. x1 and x are based on investigations originally described in Refs. 38 and 39. 
ft See pp. 233 and 260 of Ref. 40. , 
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The explanation is probably as follows. At the wind speeds which 
gave rise to the spasmodic motion, the binary system composed of the - 
rudder and the fuselage was unstable, whereas the addition of the 
freedom in yaw rendered the system stable. A very small initial im- 
pulse was incurred, and this was sufficient to start growing rudder- 
fuselage oscillations. It was, however, too small to overcome the 
friction opposing yawing movement, so that meanwhile the model 
remained gripped in yaw. However, ultimately, ἃ yawing moment 
due to the growing oscillations developed, which was sufficiently large 
to overcome the friction. All three degrees of freedom then cooperated 
in the motion, but since the system was then stable, the yawing moment 
eventually decreased and the model again became effectively gripped. 
The cycle of changes then repeated. Briefly, the phenomenon is 
attributable to the successive “sticking” and “unsticking” of a 
frictionally constrained member of the system. 

A feature of importance in the illustration is the fact that the system 
would have been definitely stable had the friction been absent. Clearly 
then the state of stability of a system when friction is completely 
removed is no sure guide to the behaviour of that system when friction 
is present. 

(c) Ankylosis. The effect just described as the “sticking” of a 
᾿ς degree of freedom is known as ankylosis.* Whenever the system is 
moving without its full complement of degrees of freedom the motion 
is said to be ankylotic, and the particular generalised coordinates which 
are arrested are the ankylosed coordunates. 

(d) Types of Oscillation. When solid friction is operative the — 
oscillations which occur in a given degree of freedom can be of three 
different general types, namely: 

(i) Decaying oscillations, in which the coordinate concerned either 
tends to a constant value or becomes permanently ankylosed. 

(ii) Unbounded oscillations, in which the coordinate tends to attain 
indefinitely great values. | 

(iii) Bounded oscillations, which are defined to be any oatdillations 
_ other than those of types (i) and (ii). 


(6) Linear and Non-linear Systems. When friction is taken into 
account we have to deal with forces whose functional dependence on 


* The term ‘ankylosis’ is used by Poincaré, Jeans and others to denote loss of one or 
more degrees of freedom in a dynamical system. | 
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the generalised velocities is not linear. Strictly speaking, therefore, 
the problem must be classed (though as ἃ very special case) under the 
general subject of non-linear dynamics. In the case of a linear system 
the values of the generalised coordinates and velocities at any instant 
of motion are all changed proportionally when the initial values are 
changed proportionally. In other words, so far as concerns similar 
disturbances, the motion may be said to be proportional to the magni- 
tude of the initial disturbance. With a non-linear system the motion 
will depend in a very much more complicated way on the initial 
disturbance. 


(f) Effects of Very Large Disturbances. If the system is linear in 
all respects apart from the friction, two general propositions are self- 
evident: 


(i) No disturbance, however large, can produce unbounded oscilla-— 
tions when friction is present if these cannot occur when friction is 
absent. For even if increasing oscillations are possible, yet the growth 
necessarily ceases when the movements become so large that the 
frictional forces are insignificant in, comparison with the other applied 
forces. . 

(1) A sufficiently large disturbance (in general) produces unbounded 
oscillations when friction is present if such oscillations are possible 
with the frictionless system. | 


(9) Effects of Arbitrary Disturbances. The ultimate type of motion 
which results from a disturbance of arbitrary magnitude will depend 
upon the number of sets of bounded oscillations which are possible and 
upon the question as to whether these particular motions are stable 
when slightly disturbed. Suppose, for instance, that a very large dis- 
turbance gives rise to unbounded oscillations and that a small similar 
disturbance produces decaying oscillations leading to ankylosis and 
ultimately to complete rest of the system. Then it may be inferred that 
for one magnitude at least of the disturbance the oscillations must be 
bounded. If these are the only possible bounded oscillations, they 
must obviously be unstable, and they will therefore not be realisable in 
practice. However, more generally there may be an odd number of sets 
of bounded oscillations, alternately unstable and stable, the largest 
and smallest being unstable. In these cases, for a certain range of the: 
initial disturbance, the resulting motions will tend to one or other of 
the stable sets of oscillations. 
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11-2. The Dynamical Equations. The m generalised coor- 
dinates q are supposed to be measured from the mean configuration, 
and the system is taken to be linear except for the friction. The 
dynamical equations are then of the type 


f(D)q=(AD*+BD+C)g=p, eee (1) 


where p denotes the generalised frictional forces. When the friction is 
applied in a general manner the precise specification of p is com- 
plicated, and as a simplification attention will be restricted to systems 
in which each degree of freedom has its own independent frictional 
constraint. Thus, it is assumed that the typical generalised frictional 
force p, has a constant magnitude R, when ¢,+0, and that the sign is 
such that the force always opposes the motion in 44: hence p, = — R, if 
g,>0, and p, = +R, if ᾧς «0. On the other hand, if ¢; = 0, the value 
of p, lies between the limits +R,, and is determined by the other 
circumstances of the motion. 7 

The motion in any time interval may be such that continuous 
movements occur in all the degrees of freedom, or it may be such that 
throughout the interval one or more of the generalised coordinates are 
arrested by friction. In the first case the motion will be described as 
complete in the interval, and in the second case as ankylotic.* If a gene- 
ralised velocity happens to vanish in the interval without becoming 
stationary, the motion will still be classed as complete. On the other 
hand, if the velocity which vanishes is also stationary, the motion at 
that stage will be viewed as ankylotic. 

For brevity, any stage of the motion throughout which ᾧ, is con- 
tinuously positive, and never actually zero, will be described as an 
wp-stroke in q,: similarly, if ᾧ, is continuously negative and never zero, 
the motion is a down-stroke in q,. Hence p, = —R,; or +R; according 
as the stroke in 4, is upwards or downwards. The two instants at which 
a given stroke begins and ends will be referred to as the terminal 
instants for that stroke: when a distinction between the two terminal 
instants is necessary the one which relates to the beginning of the 
stroke will be called the starting instant and the other the stopping 
instant. | ie 

Throughout any time interval in which no generalised velocity 
vanishes the values of the forces p are constant both in sign and 


* Note that the definition of ankylotic motion would require generalisation if the 
frictional constraints in the several degrees of freedom were not independent. 
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magnitude. The solution of the dynamical equations for such an 
interval will now be given. For simplicity it is assumed in the analysis 
that the n (= 2m) roots A, Ag, ..., A, of A(A) = Ὁ are all distinct, 

Write | C"p=0, £2  — «μι (2) 
and let © denote the column formed from the m constants 0 and from 
m ciphers, so that in the partitioned form 

O={6,0 2 2 aie (3) 


Also put y(t) = {φ(), (ἢ). eee (4) 
Then if M(t), &, A and I are matrices as defined in §§ 5-10 and 6:4, and 
if τ denotes some datum instant in the interval, the direct matrix 
solution is readily verified to be 
| y(t)—© = LM (t—7)I-Xy(r) — 9}. 
Alternatively, if nm reducing variables a(t) (see example (iii) of ὃ 6 4) 
and n bape f are introduced such that 
| a(t)=I-y(t), ae ee (5) 
B=l"O, jj — —  ——— «μον (6) 
the solution is expressible as ee 
a(t)—B= M(t—r){a(r)—Bh. nae (7) 
Matrices formed from particular columns or rows of the (m,n) 
modal matrix k will often be used in the sequel. The matrix {k,,} 
formed from the rth column of k (namely, the rth modal column) will 
as hitherto be written in the abbreviated form k,. Similarly the matrix 
[1,1 formed from the pth row of k (namely, the pth modal row*) will be 
denoted for brevity by f, (see also remarks in ὃ 1-2(c)). 


11: 3, Various Identities. Certain identities, which will be of use 
later, will now be obtained. 
(a) The Reducing Variables a(t). The relation a 1-2-5) gives im- 
mediately by definition of the matrix ἢ 
(a(t), GO} = {&, RA} a(t), 
so that χ() τε kat), eee (1) 
q(t) = kAa(t). errr (2) 


* Note that whereas the rth modal column &, is naturally associated with the rth root 
A, of A(A) = 0, the pth modal row is associated with the pth generalised coordinate g,. The 
modal rows must not be confused with the rows of the matrix x defined by (3-6-8). 
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Again, differentiation of (2) yields g(t) = eth: while differentiation 
of (11.2.7) leads to. 

a(t) = AM(t—7) (α(τὴ -- A} = Λία() — β). 
Accordingly, G(t) τε kA%Ma(t)—B}. wee (3) 
When the expressions for 4, 4 and ᾧ given by (1), (2) and (3) are sub- 
stituted in (11-2-1), the result is 


| | (AkA2+ BkA + Ck) a(t)—AkA?8 = p. 
But on account of the properties of the modal columns 
AkA? + BkA + Ck = 0. 


Hence, writing a= A-, we have 


—kAPMB = ap, ees (4) 
Equation (3) may be therefore expressed as 
| g(t) = kA?a(t) +ap. » eee (5) 


It is to be noted that since the discriminants of the kinetic energy 
are positive the principal diagonal elements of the matrix a are all 
positive. 

The relations (1), (2) αὐ (5) give the displacements, velocities and 
accelerations in terms of the reducing variables. 

It .will be seen later that the reducing variables and the quantities 
β usually occur multiplied by a modal constant. Formulae to aid the 
calculation of these products can be derived by use of the identity 
(6-5-8), which for the present second-order equations reduces to 


LM (t-7)I-1 = Σ OA, A+B, Alo”, 


* A(A,) 


Since this is true for all values of ¢, the matrix coefficients of errti—) on | 
the right and on the left can be identified. Hence 


pea A+B A, ees (6) 


A(A,) 
in which £, is the null square matrix of order n with a unit substituted 
in the rth principal diagonal place. On postmultiplication of both sides 
of (6) by y(¢) and application of (11-2-5) we readily obtain the identity 


aigk, = A) A+B, ALO) 46}, ὀ..... (7) 
A(A,) 
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where k, denotes the rth modal column. This can be written alter- 


natively as 7 
tg, = 0) 0, AAT (α(Ὁ, 4). .... (8) 
A, A(A,) 


(6) The Quantities β. From equations (11.2.8) and (11-2-6) it follows 
that {0, 0} = {k, kA} 2, so that 
ἘΞ ae) rr (9) 
RKAB=00 oan. (10) 


Again, on postmultiplication of both sides of (6) by © and use of the 
relation C@ = p, we readily find 


An alternative to (11) can be deduced from the relation 
A(A) = firr(A) AA) +... +fis(A) FislA) + -- +Fam(A) Fam(A)- 


The only term on the right of this equation which involves the stiffness 
coefficient Οἱ, is evidently f,,. Hence on total differentiation with 
respect to ὧν μον" 


17: 41 Or 


If in the variation conaidared Ais ΕΝ to correspond to the root λ,, 


so that A(A,) =.0 and 5-40) = 0, we obtain 


B,(A,) = --Δίλῃ 2 aa 
We may accordingly write 
F(A,) = —A(A,) H(A), 
where ᾿ς N(A,)= fA, ὃλ, OA, 
aC,’ 00..᾽ ἘΠ. Cnt 
DA, aA, aA, 


Φοφόοουεουνφονυδυουθυφουναφ ὁ ώφῳ 


and on substitution in (11) this gives the ἰἀϑηθγ. | 
ABek, = N(A,)p. ἜΤ (12) 
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By performing the differentiations with respect to the damping 
coefficients B,, or the inertial coefficients A,, instead of the stiffness 
coefficients, we can derive the relations 


aA, 1 A, 1 ὅλ, ina} 
Wy 1, 3B, ~ 204, ere 
The application of the preceding formulae to systems having only 
a single frictionally constrained coordinate will now be considered. 


11-4. Complete Motion when only One Coordinate is 
Frictionally Constrained. The frictionally constrained coordinate 
will be assumed to be q,,- In this case all the frictional forces p, are 
zero with the exception of p,,, and p,, = +R,, according to the sense 
of the stroke. If ¢ denotes the column of m constants ¢, such that 


σφ = {0, ..., 0, 1}, 


then.clearly 0 = —R,,¢ for an up-stroke and 0 = + R,,¢ for a down- 
stroke. Further, if Φ is defined similarly to © as the column of m values 
¢, followed by m ciphers, and if y is such that y = /-*®, then B=—-Rkry 
for an up-stroke and βὶ = + R,,y for a down-stroke. Equations (11-3-11) 
and (11-3-12) may in this case be expressed as 


aa. ὃ a ον = 
γγρν = lsc» Sg?” Bg) ~~ fy mao Fal 


AA) aa, (1) 
while (11-3-9), (11.3.10), and (113-4) yield respectively 
ky = φ, t-te (2) 
kAy = 0, “94.649 (3) 
kA®y = —{din}- tC (4) 


Let the initial disturbance, assumed imposed at ¢ = τ, be given by 
the values ψίτ) or a(7), and denote as to, t,, etc. the successive terminal 
instants at which—while the complete motion is in progress—the 
velocity g,, vanishes. If q,,(7) +0, the sign of this velocity will fix the 
sign of p,, in the first stage of the motion. For the sake of definiteness 
we shall assume that q,,(7) > 0, so that the first motion in q,, is upwards 
and p,, = —R,, (see Fig. 11.4.1). 

On application of (11-2-7) we have for the solution in the first time 


interval a(t) + Ry = M(t—7) {a(7) + Bn}: ὃ νον [δ]ὲ 


me, 
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Hence the displacements, velocities, and accelerations at any time 
are given by 

q(t) = ka(t) = kM (t—7) ἰα(τ) Ὁ Κ, 7}-- Εὶ,, Φ, 

q(t) = kAa(t) = KAM (t—7) {a(r)+ 8,7}, 

Q(t) = kA*{a(t)+ Ry y} = ARM (t—7) (α(τ) + By y}- .-.... (6) 
In particular the velocity q,, vanishes when 

| En, AM (t—7) {a(r) + Rn y} = 0, 

where f,, denotes the mth modal row. The stopping instant will be 


that root ¢ = ¢, of this equation which exceeds, and lies nearest to, 
the value τ. 


+f, 


Stroke No.1 


Im 


(down) 
No.# 
ΠΩΣ (up) 
Fig. 11.4.1 


To determine the general nature of the next stage of the motion, 
assume firstly that ankylosis does not occur, and that the motion in 
d, continues with a down-stroke in accordance with Fig. 11-4:1. On 
this hypothesis the solution in the interval (i, ¢,) is given by 

a(t)—R,y = M(t—ty) (α(ἰρ) -- 17. Π...... (7) 
This yields for the starting acceleration ὦ, ,(ἐ9) the value 
tn A*{0x(tq) — Bn Y} 
which, on application of (4), can be written 
Em A%a(ty)+Qmmlm: «sts wwe (8) 
If this expression is negative, the motion in g,, obviously continues 
with a down-stroke as assumed. 


Alternatively, suppose that an up-stroke in g,, ensues at time ἔρ. 
The solution in this case would be given by an equation similar to (5), 
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but with 7 replaced by t). The necessarily positive starting acceleration 
for the up-stroke in 4,, would then be 


Em A*{a(to) + Rm V}- 

But on application of equation (6) this expression is seen to be equal 
to the stopping acceleration for the previous partial up-stroke in q,,, 
which is negative. Hence the possibility of the stroke being upwards 
is excluded. We may thus conclude that if the expression (8) is negative 
the motion remains complete and continues with a down-stroke in q,, 
but that otherwise the coordinate q,, remains arrested. 

If ankylosis does not occur, the motion proceeds in accordance 
with (7) until g,, again becomes stationary. This occurs when 


En AM (t— to) {a(to) -—Ryy} = 9, 
and the corresponding stopping instant ¢, is that root of this equation 
which exceeds, and lies nearest to, the value t). The reducing variables 
then have the values given by 
a(t) — Rmy = M(t, — to) ἰα((ρ) -- Bn V}s 

and the condition that a second up-stroke in q,, is realised is readily 
ΒΟΉ 1009 t,, A2a(t,) — Onin Bin > 0. 

A continuation of this process formally determines the whole motion 
until ankylosis occurs. The sequences of relations which provide the 


step-by-step solution will now be summarised. The formulae are suited 
to the case where g,,(7) > 0, so that the first motion in q,, is upwards.* 


(A) Successive Stages of Motion. After the first partial up-stroke 
in g,, the down-strokes and up-strokes in q,, occur in alternation. The 
motion in the typical down-stroke in q,, commencing at time ἕο, 18 


a(t) — Ry = M(t— tay) {o(ter)—-RmY}, ὀ 005. (9) 
while that in the typical up-stroke in ¢,, commencing at time ἔς... 18 
a(t) + Ry = M(t—btoper) (α(ἐ5,...) + RmY} seen (10) 


(B) Recurrence Relations for the Reducing Variables. These may be 
written conveniently as 
M(—ty) {a(tp) + RV} = M(—7) {a(7) + Ry} 
M(—t,) {a(t;) -- ΚΕ, Υ} = M(— ty) {a(to) -- Κι, Υ)}» 
M(—tg) {oe(ts) + Rn y} = M(—t) {a(h) + Bn}, 
* The formulae can be adapted at once to the case where ᾧ, (τὴ) = 0. 
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and generally for s>1 
M(—t,) {a(t,) + (— 1) Ray} = ἯΚ--ἰς ἡ (α(ί,-.) + (— 1) οὐ 


Direct addition of these relations gives 
( _ 1)° a(t.) + Bn = ( = 1} Mit, oe T) {a(7) + Rn} + 2Γ(5) Rn 


where I'(s)=M(i,—t,_,)—-M(t,—t,_9)+...+(—1)? 1? M(,—t). 


(C) The Terminal Equations. These fix the terminal instants fp, 1» 
etc. at which the successive stationary values of g,, occur. The first 
equation of the sequence is explicitly 7 


de 
EA kage Cel) OM + Bey pF) = 


while for s > 1 the typical equation is g,,(é,) = 0, or 
En A(t) =O. anaes (13) 
On substitution for «(é¢,) from (12) this gives explicitly 


x λ, κε Ot((— 1)? a, (7) e+ BY, (8, A,)) = 0, ....Ψ. (14) 
where σον | 
Ei(8, A,) = 2eArs-1 — 2. λεώς ἐὺς, + 2( — 1)8-1 ee Aro + ( — 1} eA, 

The terminal instant t, must be that root of the sth terminal equation 
which exceeds, and lies nearest to, the value ¢,_,. It may be noted that 
if the roots of A(A) = 0 are complex then each ao equation 
necessarily has an infinite number of roots.* 


(D) Criterion for Ankylosis. Ankylosis will occur (with the co- 
ordinate q,, arrested) at the first stopping instant ¢, for which 
(—1)€,,A22(t,) + Gimli 20 «nae (15) 
This criterion is valid for s 2 0. | 


EXAMPLE 
System with a Single Degree of ee With m = 1 the equation 
for complete motion is | 
Ay G+ Βιιφι Ἢ μι = FR, 
leading to a single constant ¢, = 1/C,,. The two roots A are assumed 


* If t, is large the least damped exponential will predominate in equation (14). It readily 
follows that this equation necessarily has an infinite number of large real roots. 
ft Some aspects of this problem are discussed in Ref. 41. 
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to be complex, so that, say, A, = μ- ἴω and A, = 4—tw. The modal 
matrix may be taken as [1,1], and we may accordingly write 

l= : 1] and 2wl-1= -- i} 


4 
Hence α;,,ας) = 1-1{1, 9} = 5 eh — ἦν —Aimt+ Gh}, 


{71 Ya} = E-{g1, 0} = oti ϑὸ — Aj}. 


If the initial disturbance is assumed to be imposed at the starting 
instant ἐρ of a down-stroke, then 


t 
{a14(to), Xa(to)} = τς “(οὶ {Ag, — Ai}; 
and the motion in the first down-stroke is given by 
a(t) — Rn =M (t ~~ to) {a(to) = Rn}: 
Further, the equation for the stopping instant ¢, is explicitly 
Ay (0% (to) — Ry γι) eh + λ,(ακ(ὐρ) — Ryyq) 4-0 = 0. 
This reduces to | 
1 R, : 
——{ 93 (to) — Ao | (4? + 0?) es sin w(t, — to) = 9, 
oO Cy 
of which the lowest root is t,t) = πίω. Since this time interval is 
independent of the starting displacement q,(f,), the time for any 
stroke is clearly Τ' = m/w. | 
The formula (12), with the simplifications 7 = ἐρ and. t,—t) = 87᾽, 


may now be applied to determine the displacement at the end of the 
sth stroke. In the present case 


M(sT)=[e8TF 0. 7-ὴ (-- 1) eT, 


Γ()Ξ: Μ.(1)-- ΜΩΤγ-...- [--1)5-|Μ 61) 


and equation (12) therefore reduces to 


(1 fay), at} = 5 (alto)? - ah en? 1) 00th) τλῆ 


ἘΝ ἢ ΠΕ] 
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we obtain finally | | 

fy raid = ( _ ) πίω 

au(t,) —(— 1)° G2 oth (55 = (—1F(1()— δῇ ooth Se) em. 


The condition that the motion can actually begin is (see (15) with 
os λξα, lty) + Abata to) +241 By «0, 
which reduces to | 9i(to) > τ 
11 


If this inequality is satisfied, and if μ is positive, it is evident from (16) 
that the motion will grow to an indefinitely large amplitude. 

It should be noted that with systems having more than a single 
degree of freedom, growing oscillations strictly analogous to the 
simple type (16) cannot occur. With such systems, oscillations having 
& constant semi-period are also (in general) necessarily steadily main- 
tained (see example to § 11-6). 


11-5. Illustrative Treatment for Ankylotic Motion. For the 
sake of simplicity attention will again be restricted to the case where 
only a single coordinate q,, has frictional constraint. The analysis is 
thus supplementary to that of § 11-4. | 

Suppose, then, that at some particular stopping instant t, ankylosis 
occurs. Since the coordinate g,, now remains arrested, the dynamical 


- equations for the special case under consideration become 


SOSPERSSCH ST ES SEER RHHSHSHESCH SSS SHRES HEHEHE HHHEOHRHTHE BREESE HEHEHE eEREe  —6LlUf woe 


| f (Ὁ ) Qi ... +f 1m—1(D \In—1 = — Cim Umts)» 
(1) 


while the value of the frictional force p,, at any stage of the ankylotic 
motion is given by 


͵ mi(D ) W +... +f mm—1(D ) Ym-1 a8 Cm (9) = Pm: 

To render the previous analysis immediately applicable to equations 
(1), without the introduction of new symbols, the convention will 
now be made that any symbol originally used in relation to the m 
degrees of freedom 4, 2; --->%m Will, if shown in clarendon type, have 
a similar significance in relation to.the m—1 degrees of freedom 
41: Yas +++» Im_1- Lhus y(t) denotes the column of the m — 1 displacements 
41. 42 +++» Im—1 aNd m—1 velocities g,, Go, ..., 4,.... (σι -- 2 quantities in 
all); while M(é) and U are square matrices of order ἢ --- 2 involving the 
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fundamental constants of the system (1) and the n—2 roots Ai Ag «- 
A,,-2 of the appropriate determinantal equation. 
The solution of equations (1) then is 


ψ() -- Θ = IM(t—#,) -{y(t,) — Θ). voveee(2) 
The column matrix @ has n— 2 elements, of which the last m—1 are 
ciphers and the first m— 1 are the constants θ defined by the relations 


C439, +... +O m1 Oma = — Crm Ills)» 
Cn-1, 19, Feet ae θ,..1 πιο ‘n~1.m Im(ts)- 
The motion will continue in m—1 degrees of freedom in accordance ᾿ 
with (2) until p,,>R,, or < —R,y. 


11:6. Steady Oscillations when only One Coordinate is 
Frictionally Constrained. As a relatively simple application of the 
theory the conditions will now be examined under which the oscilla- 
tions of a system having only a single frictionally constrained co- 
~ ordinate q,, are steady. Oscillations will be said to be steady when they 

are of the special type in which the displacements and velocities in all 

the degrees of freedom at the stopping instant of any stroke in q,, are 
exact reversals of the corresponding displacements and velocities at 
the starting instant of the stroke. 

Suppose that a typical down-stroke in q,, commences at time ¢ = ty 
and ends at time ¢ = ¢,.. Then the solution during that stroke is given by 


a(t)—Ryy = M(t—ty){a(to)—RmY} sree (1) 
and the displacements and velocities at time ¢ = ¢, are exact reversals 
of those at time ¢ = t) provided a(t) = —@(ty), so that 

— A(t) — Κρ = M(T) {(to) — Bn}, 
where 7’ = ἔς — tp. 

The last equation may be written 

[M(T)+ a(t) = R,[M(T)— Ly, 
οἴλ,- ἢ] | 

whence O(to) = RinVe omy aual ΝΞ (2) 
for all values γΞΞ1,2,. 

The condition that ἡ, shall be stationary at time ¢, is f,, Aa(t,) = 
Since by hypothesis «,(t,) = -- α,(ἐρ), and o,(f9) is given by (2), ἢ δ 
condition requires that 


etrr— ] 
R,, Eker Ye τι ΤΊ = 0. 
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This equation fixes the semi-period 7’, and the appropriate initial 
conditions at time ¢ = ¢, are then given by (2). On stbstitution for 

a,(t)) from (2) in (1), the solution during the typical down-stroke in 
Ym 18 explicitly 


q,(t)/ Ferg = = Koy y(t)/ Rn ᾿Ξ = ker Vf (t¢—ty, A,); 


ἀμ}, = Σ At) [By = Σ, Arie ofl — tae), 


where s=1,2,...,m, and 
: | 2ε( -ἰὼλ, 

f(t-t 4) =1- τὰς Γ᾿ 
The acceleration @,,(é) at any instant in the down-stroke is readily 
seen to be given by 


Inlt)/Ry = Σ Χο: Km Ved (t— tg, Ay) + Om 


The conditions for steady oscillation will now be summarised. 


(A) The semi-periodic time must be a real positive root T of the 


equation eT —] 
R,,Q(7) =n ZAk me Ye oe | rc or (3) 


(B) The necessary initial disturbance, which is assumed to occur 
at the starting instant ¢ = ἐρ of a down-stroke in q,,, is given by 


eT rr — J 
alto) / Brn = b> oo 1? 


7 ae re (4) 
Ge(to)/Rn = Σ λ, her Ve πὰ, etry 1? 
where ¢=1,2,...,m, and R,, is to be taken definitely with the positive 
(C) The initial displacement q,,(t)) must be positive* and the initial 
acceleration @,,(t)) negative: thus — 


eTar—1 | 
dn ta) Bm = Shwe SRR τ ee (5) 
ἃ ΔΒ 21 eT] | 
an Gn(to)/ “ἢ - ΣᾺ eae 7» eta + anm «0. πο; (6) 


* If g,,(f) were negative and @,,(t,) also negative, the first stroke would still be down- 
wards (as postulated), but the displacement q,, at the end of that stroke would then neces- 
sarily be negative, and not the reverse of q,,(t)). 
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(Ὁ) The velocity g,,(¢) must not vanish within the interval (t9,t)+ 7’). 
Hence the equation 
n Qelt—t)Ar 
3 Abel SG) 0 “660 


must have no positive real root (other than ἕ --- ἰρ = 0) less than the 
selected root t—t, = T of (3). | 


EXAMPLE | 
Oscillations with a Constant Period are (in general) also Steady. If 
T is the given constant period, the successive terminal instants for 
the strokes in 4,, may be taken as ἐρ = 0, ἐξ = T, ..., 4, τε 87. The 
recurrence relations for « may be written | 
a(T)—R,,Y = M(T) (α(0) —RyY}; ᾿ 
a(2T) + ΚΕ, Ύ = Μ(ΤῚ) («(Τ}Ὲ Κ,γ) 
a(3T)—R,yy = Μ(ΤῚ)(α(27) -- Κ,7} 
and so on. Addition of the equations in successive pairs gives 
α(Τ)-- α(27) = M(T){a(0)+a(T)}, 
a(2T) +0(38T) = M(T){a(T)+a(27)} = M(2T) {a(0) +a(T)}, 
and generally 
a(sT)+a(s+1 7) = M(sT') {a(0)+a(T)}. 


Premultiplication of the last equation by f,,A, and use of the con- 
ditions ¢,,(87") = ¢,(8+ 17) = 0 yields the relation 


0= Sed, νι... (8) 


r= 
where A,=A,kn,(%,(0)+a,(7')). Taking (8) for any ” consecutive 
values of s, we derive ἃ set of n equations, which will be compatible 
either if a(0)+0(7') = 0 (in which case the motion is steady and 7 is 
a root of (3)), or if 


1 1 τῶ 1 = 0. 
erly eTAs eTan 
e(n—-DT A, en-DTA, en—-)TAn 


This last equation would require T = πίω, where 4 +1w are any two 
conjugate complex roots of A(A) = 0, say A, and A,; and equations (8) 
would then be satisfied if in addition 

A,+A,=9 and A, = A,=...=A, = 9. 
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It can be shown without difficulty that the particular value Τ' = πίω 
would in this case still have to be a root of (3), and unless m = 1 this 
would demand a special relationship between the dynamical coeffi- 
cients of the system. Hence, if the periodic time is constant, and if the — 
system has more than a single degree of freedom, the motion is in 
general also steady. 


11-7. Discussion of the Conditions for Steady Oscillations. 
The nature of the roots of the “semi-period equation” (11.6.3) will be 
considered first. Denote by £+%7, the complex value of A,km,y, 
corresponding to a complex root A, = 4, +%,. Then 


Q(T) = = (E-+%,) F(A,T), Contes (1) 


εἰν ἴω) - 1 ~ cos — L tie? sino 
ett? 41 eT coswT +1410" sinwT’ 

(i) Case of Two Purely Imaginary Roots of A(A) = 0. Suppose now 
that two, and not more than two, of the roots A are purely imaginary, 
so that for this pair μ = 0. Then for the one root (say + ἕω), 


(ΩΤ) = (coswT —1+isinwT)/(coswT+1+isinwT). ....... (2) 


If wT = (28+ 1)7—e, where 8 is an integer and ¢ is small, equation (2) 
gives to first order F(ivT) = 2i/e. The two terms of (1) corresponding 
to the two roots + iw combine at this value of T into -- 4η je. Hence — 
unless 7 = 0 the function Q(7')/y changes from —co to +00 on passage 
of Τ' through each of the values (2s + 1) πίω. It follows that when two 
(and not more than two) of the roots A-are purely imaginary and the 
corresponding value of ἡ is not zero, the semi-period equation has an 
infinite number of real roots 7' separated by the values πίω, 37/w, 
57/w, etc. A diagrammatic representation of the graph of (7) for the 
case considered, with ἡ positive, is curve No. 1 of Fig. 11.7.1: the 
possibility of any odd number of roots 7' between successive asymp- 
totes is not excluded. If ἡ is negative, the sense of approach to the 
asymptotes is the reverse of that shown in the diagram. 

On application of the identity (11-4-4) it is readily shown that the 
slope of the graph Q(7) at 7 -- has always the negative value 
—Ong,/2. Tt follows that when 9 <0, an odd number of real roots 7' 
exists between the origin and the first asymptote. — 


where F(AT)= 


* For brevity, the symbol T is here temporarily used in two senses; it signifies a root 
of the semi-period equation, and also the current variable associated with the function 
(7). 
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(ii) Case of Two Conjugate Roots of A(A) = 0 with Real Parts Small. 
Next suppose the real part of one pair of roots « + ἕω to be numerically 
very small but not actually zero. Then for the root 4 + tw the value of 
F(AT) corresponding to wT = (28+ 1)7—e 18 approximately 


a. 
FAT) = 2( (28 + 1+ ie) |( (20 + pet +e), ἊΝ .(3) 
so that the terms in (1) corresponding to the two roots μ + tw contribute 


(E-+i9) FAT) Ἐ(ξ --ἰη) FAT) | 
- eons nt) (overt 


Curve No.] 
Ὧν 
΄ς 
a(t) i 
͵ ἢ 
ἱ V0.2 ) \ 
0 I < A) Ἂς 
or 5 
! Vie SS 
t | Why 
! | δι 
Ν 
Fig. 11.1.1 


This remains always finite, but changes from a large quantity of one 
sign to a large quantity of opposite sign as ¢ passes through the value 
(28 +1) μπξ[ωη. The graph of Q(7) in the case where ξ, ἢ and μ are all 
positive will therefore be as represented by curve No. 2 in Fig. 11-7-1. 
Hence a new group of real roots 7Τ' has been gained, situated close to 
the values πίω, 377/w, etc. If T,, denotes the (s+ 1)th of the new set of 
roots, then with ¢ = (28+ 1) μπξ[ωη this root is approximately 


7.44 = (28+ (1-4). ee (4) 


The corresponding value of F(AT,,,) given by (3) reduces to 


2a (9 +48) 


Toa) = γε ἡ ume +BY” 
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and, if the important terms only are retained in (11-6-4), the initial 
displacement in q,,, is approximately given ge 


S+ty = 
Im(to)/ Rm = rey ---- F(AT, 
= 49/(28 +1) μπ. 


Similarly, the initial acceleration is approximately given by 


Im(to)/ Be, = — ἀωδη (26 + 1) μπ. 
It follows that the conditions (C) of §11-6 for a positive initial dis- 
placement and a negative initial acceleration are both satisfied if 


ΣΥΝΕ (5) 
It is to be noted that when μ is very small (and 7 +0) the initial dis- 
placement q,,(¢9) is very large. 

With regard to condition (D) of §11-6, when the selected semi- 
periodic time is 7,,, equation (11-6-7) contains only two important 
terms and reduces approximately to 

— 4a | 
ῬΣΕΝ ΝΕ  nolt—t) = 
and the lowest root is thus t—t, = πίω. It may be concluded that 
equation (11-6-7) necessarily possesses a root t—t) lower than any of 
the set T,,, except when 8 = 0. Hence, as regards this particular set 
of roots, the lowest—namely 7—is the only one which actually leads 
to steady oscillations. 


11-8. Stability of the Steady Oscillations. The stability of the 
steady oscillations when slightly disturbed can be investigated as 
follows. Let 7 denote the semi-periodic time for the undisturbed 
oscillations: thus 7' is assumed to be ἃ root of (11.6.8). Also let A, be 
the value of the typical reducing variable at the starting instant of any 
down-stroke in q,, in the steady oscillations, so that (see (11-6-2)). 


AT,+1) 


for r=1, 2, . 

For τς adopt t, = 0 as the datum starting instant and assume 
this to be appropriate to a down-stroke in q,,. Then in the undisturbed 
motion the successive terminal instants are 0, 7', 27’, ..., 87’. 

.Now assume a small disturbance to occur at ¢t = 0, and in the dis- 
turbed motion let the successive terminal instants for the strokes 


11°8 _ STABILITY OF STEADY OSCILLATIONS 351 
become ft, = 7'+€,, tg = 27 τες, ..., ἔ, =87'+6,. Lastly, let 2R,,y,6, 
be the increment of the typical initial reducing variable in the dis- 
turbance, so that for the disturbed motion 

a, (ty) - A,+ 2Rin Vr δ, 


Only first-order terms in ¢ and ὃ will be retained in the analysis. 

The formulae obtained in §11-4 may now be used with the simpli- 
fications τ = t, = 0. To illustrate the treatment, consider firstly the - 
equation which gives the terminal instant ¢, in the disturbed motion Ὁ 
(see (C) of § 11-4). This is in the present case 


- 
Σ, Vy king OME τεῦ ( ra A, δὰ 2} 1.7, ὃ, τ Bar) = 0, 


and on substitution for A, from (1) and expansion of the exponential 
we have approximately 


id | ] 
2h, Σ Ay emer Veet Ar( 1+ δι.) [ότι - δ) = 0. 


The terms independent οἴ ε and ὃ may be omitted in view of (11-6-3) 
and (11-4°3). If we write for brevity 


eT =a, λβῖ,,Ύ,[(1 -ὸ eT) = Pe, Apkne sO; = Op 
_ the equation gives to first order 
οι 2X Pt, — x Q, 2, = 0, 


where the summations are taken for all the πὶ roots A,. 
A similar treatment of the more general equation (11.4.14) yields 


XP, ,(he— ᾧ, χαρὰ Po_apt -. + (— 1)? pgay* + (— 1)? p24") 
+(—1? 2Q,27 = 0, 
in which ¢,=¢, -- €,_, for 8} 1 and ¢,=¢,. The 8 relations which serve 
to determine the values of ¢,, dg, ..., ᾧς are accordingly 
EP 2,9, = 2Q,2,, 
= P.x,($,—%,91) = — % Q, ἕξ, 
Σ Βα, (ᾧς--α,ῴςᾳ Ὁ αξῴ,) = ΣΟ, 27, 


Φφοροφουδονοωοφονοφαουθωοδυουνθφοφοοφοφοθοῤύυφοφοοοοουνθδοθοθοούθυϑοοσυθδθθυσούυψοθθθαῦϑου 


Σ Βα, (φ, ~ %yPy_4 τ αὐῷ,.. + ose 
+ (— 1228-96, + (-- 1). 1.8 14.) = (-- ΡΣ Ο, 
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These can be solved by the following artifice. Let z,, 2s, ..., 2, denote 


the roots of the algebraic equation in z, 
| Βα, 
(+2) (2+ aq)... (@ +2) ees = 0. 


Then, for a general value of the variable z, we have 


Σ Q,%,[(2+%,) (2+) (2 -Ἐ 4) ... (2+%,) U Q,2,/(z+,) 
Σ Βα, α,)) Const. x (2-2) (2%) ...(@—2na) 


The numerator and the denominator of the rational fraction on the 
right are both of degree ἢ — 1 in z, and by resolution of the fraction into 


simple partial fractions we can therefore derive an identity of the form 


ΓΝ E,,1 jz Pz, (3) 
σα, 


Ky 

=a Akl ἈΕΤΟΙ͂Σ 

2- ky Ζ- ζΖὰ ζ2-:2,.-- ζω, 

where Hy, H,,...,H,_, are constants which we shall not require to 
determine in the present discussion of the stability. Now if the modulus 


of zis assumed sufficiently great, the expressions on the left and on the 


_ Tight of (3) can legitimately be expanded in powers of 1/z to give 


τι 2 ] vy cP xs 
Σου 3.3...) 
{ει 15-1 ὡ l @. ΠΣ. ἐὰν | 
ΡΣ >, Ei+s >, Byz+...) Σ Paa(——% ᾿ = i 
. 2 ἐ--1 2° -} pa 
Hence, on collecting together the coefficients of the separate powers of 
1/z and equating the results to zero, we obtain the sequence of relations 


Px, E, = Σ 0,.,, 
ΒΕ 
E Pa,’ B,—2, Be) ~-EQ.a2, 
i=] 


᾿ n-1 n-1 
EPa| Σ £,2,-2, D B, +23 Ey] = 2,27, 
: i=1 i=] 


and so on. A comparison with (2) shows immediately that ¢, = Ey, 
and that for s> 1 , ἡ -ὦἃ | 
¢,= €.— 6,..1 -- ΡΣ Eye*. ΝΥ (4) 


It may be concluded from (4) that if every modulus [5 is less than 
unity, then ¢, tends to zero as 8 increases indefinitely ; but that if any 
modulus exceeds unity, then ¢, tends to grow large. Now the time 
interval for the sth stroke in the disturbed motion is 7'+¢,. In the 
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‘first case therefore the motion regains its original constant semi- 
period 7’, whereas in the second case the motion is unstable. The results 
of this investigation may be summarised as follows: Let z,, 2s, .. 


Ζ,.--ἃ 
denote the roots of the equation 
n el Ar 
Ark ms Ve Ty eth lae™, IT (2+ets) =O. ..... (5) 


Then the steady oscillations corresponding to the semi-periodic time T 
will be stable or unstable according a as every modulus |z,|<1 or as any 
modulus | 2; [» 1. 


= 


EXAMPLE 


Case of Complex Pair of Roots with Real Part Small. A case of 
interest is that considered under heading (ii) of §11-7, where the real 
part 4 of one pair of conjugate roots A, = μ᾿ - ἴω and A, = “—1w Is 
numerically small. It was there shown that the lowest root of the 


series 7,,,, namely that root having the value 7) = “(1 -) may 


be expected to lead to genuine steady oscillations provided that 4/u > 0. 

If this value for 7 is adopted in (5), the equation contains only two 
important terms and reduces to 

| (z+ eTis) (2+ eTis) ... (z+ eTn) W = 0, 


z+eTil 


where W = (w+itw)(€+ in) fer 


efivtt) + conjugate. 


Now to first order eM) = 144 = ld —4+ iz), 
Leer) ~ un E+ in)” 
Hence after some reduction we find 


W = - A212 -*). 
μπ | 


ω 


and 


The approximate values of the roots z, for the case considered are 


accordingly nar ᾿ς πὰς mn 
Ζ1 ΞΞ ἘΠ ἢ Zo = =>. eeeg en—-1 = —e” . 


| Consequently, if the real parts of all the roots A other than A, and A, 
are negative, then the motion is stable or unstable according as 
B#<Oor >0. 
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11:9. A Graphical Method for the Complete Motion of 
Binary Systems. The computation of the motion which follows any 
given disturbance is, in general, a matter of considerable difficulty. In 
the special case of a system having two coordinates g,, q., of which q,, 
say, is frictionally constrained, the solution can be greatly simplified 
by the use of a graphical treatment, provided that only rough results 
are required. Some remarks follow regarding the underlying principles 
of the method. 

The problem for solution is the description of the complete motion 
which results from any given initial disturbance. For simplicity we 
shall assume that this disturbance is imposed at the starting instant 
t, of a down-stroke in gs, so that initially q.(f)) = 0. Attention will be 
restricted to the case in which the four roots of A(A) = 0 are complex. 
For the purpose of the graphical method it is convenient to denote 


| these roots by λι --ὶ μ ἴω, λ,- μ--ἴω, 
ΝΙΝ A, =f +iw’, λᾳ τ μ' -- ἴω’, 
and to write Ayko %;(t,)/Ra=X,+tY, =Z,, 


λᾳίρρρ %9(t,)/Rag= X,—t¥,=Z,, 
AgkozGa(t,)/Ra=X,+tY,=Z;, 
Ag hog %a(t,)/Ry= X,—-1Y,=Z,, 
together with Ayko Vi =E+i =e, 
Aeken'V2=§ —i9 =§, 
Ashes V3 = ξ΄ + τη =O, 
| AgkoaVe= ξ΄ — ἴη Ξε ζ΄. 
Then if 7,=t, —t,_, denotes the time interval for the sth stroke in g, the 
recurrence relation (11.4.11) yields for the special system considered 
the four scalar equations | 
Ze+(— 1} = (Z,4+(—1)° 6) tors, 
Ζ,ε{-)ὸξ = (Z,1+(— 1) hein, 
Zu (— 1g! = (ὅς. .-τῸᾷ-- 1) ζ) torn, 
Ζιε(-1}ξ = (Zt (— 1)" eww, 
while the condition (11.4.8) requires that 
E+E’ = 0, nee (2) 
Further, since g,(t,) = 0 it follows from (11-4-13) that 
X,+X, = 0. 2  « esaes (3) 
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The foregoing relations may be interpreted geometrically by the use 
of two pairs of diagrams. Figs. 11.9.1 (a) and (δ) represent the pair 
appropriate to the unaccented symbols, while two similar diagrams, 


Ω, 
Θ 


Fig. 11.9:1 (6) 


referred to hereafter as Figs. 11.9:1 (a’) and (δ΄) but not actually drawn, 
᾿ would relate to the accented symbols. A description of Figs. 11-9-1 (a) 
and (δ) follows. a 

In Fig. 11-9-1(a) the points D and U have respectively the co- 
ordinates (£,7) and (—£, —7), and are respectively marked ‘“down”’ 
and “up”; while the points P,, P,, etc. have the coordinates (Xo, 70)» 
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(X,,¥;), etc. Now the equations (1) corresponding to the first down- 
stroke are | Z,-€ = (Z—) elutioyry, 

Z,—€ = (Ζ,-- ἢ ton, 
Hence, in the diagram, DP, = DP,e“1 and the angle P,DP, = ωτ!. 
Again, the equations corresponding to the ensuing up-stroke are 

Ζ,- = (2, 4+) rion, 

Z,+€ = (Z,+£)eu-ion, 
so that UP, = UP,e”: and the angle δ UP, = ὡτ,. 

More generally, DP,,,, = DP,, e+ with the angle P,, DP... = WTagt1 
for the typical down-stroke, while UP,,,, = UP.,+,¢*7+2 with the 
angle P,,,,UPs.,. = T2519 for the typical up-stroke. These rotations 
and expansions of the successive radii can be effected conveniently by 
the use of the supplementary diagram Fig. 11-9-1(b), which depends 
solely upon the first pair of roots A,, A,. The diagram consists of one 
or more complete turns of the logarithmic spiral 

α- Εν = εἰ ων 
or | r= e, 
0 = wt, 3 

where ¢ (time) is regarded as a variable parameter. The number of 
turns of the curve, and the choice of the scale, must be such that the 
radius vector r in Fig. 11-9-1(6) embraces the range of values of the 
radii DP and UP to be covered in Fig. 11.9.1 (a). A scale for the time 
parameter ¢ is marked along the arc of the spiral. 

_The complementary pair of diagrams Figs. 11-9:1(a’) and (b’) 
would be similar to the two just described, but would relate to the 
accented symbols. In view of the condition (2) the abscissae for the 
- homologous centres D, D’ (or U, U’) in the two displacement diagrams 
Figs. 11-9-1 (a) and (a’) will have equal magnitudes but opposite signs. 
Again, the condition (3)—which is equivalent to the sth terminal 
equation—requires that the abscissae of the homologous points 
P,, P, shall also be equal and opposite. | 

The actual manipulation of the two pairs of diagrams may now be 
explained. For the two displacement diagrams Figs. 11-9-1 (a) and (a’) 
transparent graph paper is used; whereas the two spiral diagrams 
Figs. 11-9-1 (6) and (δ΄) are preferably prepared in ink on white unruled 

paper. It should be noted that the positions of the centres D, U and 
_ D’, δ’ in the two displacement diagrams are fixed by the dynamical 
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constants and are independent of the initial disturbance. The first step 
in the actual solution is to mark in Figs. 11-9-1 (a) and (a’) the positions 
P,, P}, corresponding to the chosen disturbance: since the disturbance 
is assumed to occur at the starting instant of a down-stroke in 4; 
the abscissae of the initial points will be equal and opposite. To find 
the positions of P, and Pj hold sheet 11-9-1 (a) superposed on sheet 
11.9.1 (Ὁ) with D registered on the pole © of the first spiral and FP, on 
the arc of the curve; similarly, hold sheet 11.9.1 (a’) superposed on 
sheet 11.9:1 (δ) with D’ registered on Q’ and P, on the second spiral. 
Then travel continuously in the anticlockwise direction along the 
spirals to the first positions P,, P, for which the increments of the 
parameter ¢ are the same (7,) in the two diagrams, and the abscissae 
are again equal and opposite. To find P,, P; from P,, P;, the procedure 
is similar, but the up-centres U, U’, instead of the down-centres D, D’, 
are in this case registered on the poles of the spirals. Two observers— 
one for each pair of diagrams—are necessary. 

It is possible to obtain the full history of the complete motion 
resulting from an arbitrary disturbance by the use of the foregoing 
method. The velocities and displacements at any time ἐ, not neces- 
sarily a terminal instant, can clearly be deduced by expressing the 
formulae (11-4-9) and (11.4.10) in terms of the current coordinates of 
the points P(t), P’(t) along the spirals. In particular, the value of the 
velocity ¢,(t)/R, at any stage is given by twice the sum of the current 
abscissae. A numerical illustration is given in example (iv) of § 12-9. 

It should be noted that the condition (11-4-15) for ankylosis at the 
terminal instant ἐς is expressible in the present modified notation as 

2(—1)° (wX,—w¥, Ἐ μ΄ Χ,-- ' ¥;) +Aj,/Po2 9, 
where 9, = A4; Ao. — Ay. 4.1. 

This inequality can if necessary be tested from time to time as the 
work proceeds. Anindication of the occurrence of ankylosis is, however, 
provided by the graphical method itself. For, in any genuine down- 
stroke, the starting acceleration in the frictionally constrained co- 
ordinate must be negative, while in any genuine up-stroke it must be 
positive. At the starting instant itself the velocity is zero. Hence, if, 
for instance, a down-stroke is due, and if after one time step, or fraction 
of a step (say δὲ) the sum of the current abscissae of P and P’ is negative, 
then δά, δὲ is negative and the stroke is realisable: whereas, if δᾷ, [δὲ 1 is 
positive, ankylosis is indicated. 


CHAPTER XII 


ILLUSTRATIVE APPLICATIONS OF FRICTION 
THEORY TO FLUTTER PROBLEMS 


12°1. Introductory. (a) Flutter of Frictionless Aeroplane Struc- 
tures. In the simple theory of flutter* it is assumed that no solid 
friction is present in the aeroplane structure and that linear laws remain 
applicable throughout the motion. In this ideal case the ordinary 
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critical speed for flutter of any given type is defined to be the lowest 
forward speed of the aeroplane for which free oscillations of that type 
are steady (see ὃ 9-8), For any speed below this critical value the oscil- 
lations resulting from any given small initia] disturbance eventually 
die away; at the actual critical speed the motion tends to become 


* See for instance Ref. 30. 
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simply sinusoidal; while for all speeds over a certain range whose 
lower limit is the critical speed, oscillations occur which increase to 
an indefinitely large amplitude, however small the initial disturbance 
may be. The term critical speed will in the present chapter be used 
with the foregoing significance, and will, without further specific 

- qualification, always refer to the ideal frictionless aeroplane. It is 
clear that at the critical speed for flutter the determinantal equation 
will have at least one pair of conjugate purely imaginary roots. It 
will be convenient to refer to one or other of these particular roots as 
the critical root. 

The flutter characteristics of an aeroplane can be represented by 
means of two diagrams, showing respectively the variation of damping 
factor yp (the real part of A = μ: ἴω) and frequency w/27 with airspeed, 
for the several constituents of the motion. Figs. 12-1-1and 12-1-2 are ex- 
amples of a pair of such diagrams.* They relate to the rudder-fuselage 
flutter of an aeroplane which is referred to as aeroplane No. 1 in the 
sequel. The curves marked y» and ὦ correspond to an oscillatory 
constituent which is damped for all speeds less than the critical value 
V, = 240 feet per second, and grows indefinitely for all higher speeds. 
The second constituent 4’, w’ remains a decaying oscillation through- 
out the range of speeds covered by the diagrams.{ 

It is possible for an aeroplane to be free from flutter throughout the 
range of its flying speeds, but to have a very small margin of stability 
in the vicinity of a particular flying speed. Fig. 12-1-3, which is purely 
diagrammatic, illustrates this condition. 

(b) Flutter in Practice. In the practical sense “flutter”? means an 
oscillation which grows, and finally either breaks the structure or 
remains bounded at some amplitude whose value is dependent upon the 
departures from linear laws. As pointed out in § 11-1 (6), solid friction 
introduces a very special departure from linearity. 


(c) Applications to be Considered. The numerical examples to be 
given are restricted to tail oscillations involving angular displacement 
of the rudder and torsion of the fuselage. Moreover, they relate mainly 
to the simplest aspect of the theory—namely, the question of steady 
oscillation with either the rudder or the fuselage frictionally con- 
strained. 


* The curves drawn are based on data given in Chap. v of Ref. 42. 
+ At a speed of about V = 580 this constituent in fact degenerates into a pair of sub- 
sidences. 
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It will be useful to review briefly the conditions for the existence and 
stability of steady oscillations in these applications. 

In accordance with the notation of § 11-7 we shall suppose the fric- 
tionally constrained coordinate (rudder or fuselage) to be Go, and 
€+ 1% to be the value of A,k,,y, for the critical speed, where A, is the 
critical root. If this root becomes 4 +17 when the airspeed is slightly 
changed, then μ will be small and will be positive or negative according 
as the airspeed is above or below its critical value. It follows from 
equations (11-7-5) and (11-8-6) that if 7 > 0, then for a certain range of 
the speed above the critical steady oscillations will be possible, but 
will be unstable and therefore not realisable in practice. On the other 
hand for speeds below the critical, since uz < 0, stable steady oscillations 
will be possible provided that 7<0. The particular oscillations here 
considered are those appropriate to the root 7) of the semi-period 
equation which lies adjacent to the first asymptote (see Fig. 11-7-1). 

Unfortunately, the numerical data available for the calculations are 
very scanty. The first example given is that of an actual aeroplane 
(aeroplane No. 1), for which, when solid friction acts either on the 
rudder or the fuselage, steady oscillations are theoretically possible 
only at speeds above the critical; as already explained, these oscilla- 
tions are unstable. Aeroplane No. 2 is an artificial system, in the sense 
that its dynamical constants have been derived from those of aeroplane 
No. 1 by a transformation which changes the dynamical constants of 
the tail system, but leaves the roots of the determinantal equation 
unaltered at all speeds. Hence the tail flutter characteristics of the 
two aeroplanes are effectively identical. Nevertheless, when friction 
is present, the behaviour of aeroplane No. 2 is different from that of 
No. 1. On the modified aeroplane, if the friction acts on the rudder 
only, stable steady oscillations can occur at speeds below the critical. 
The graphical method of § 11-9 is applied to provide a description of 
the complete tail oscillations under representative initial disturbances. 
The final example relates to another artificial system (aeroplane No. 3) 
which is completely stable at all speeds when frictionless, but which is 
shown to admit bounded oscillations at a particular speed when friction 
is introduced. | | 

A rather more detailed summary follows of the main conclusions 
. for the three different aeroplanes considered. 7 

(d) Characteristics of Aeroplane No. 1 (see Part 1). The numerical 
data for this case are appropriate to a full scale aeroplane, the tail 
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flutter characteristics of which have in fact been investigated by 
means of a model in a wind tunnel. From Fig. 12:1-1 it will be seen 
that the critical speed is about 240 feet per second. 

The results when the friction acts on the rudder only are as follows: 


(i) Speeds below the critical. The motion dies for all disturbances. 


(ii) Speeds above the critical. Large disturbances produce flutter and 
small ones decaying motion. Steady oscillations (constant amplitude 
and frequency) could result from a special initial disturbance, which 
varies with the airspeed and is directly proportional to the limiting 
friction. The steady oscillations appropriate to any particular speed 
are unstable, so that any slight variation from the correct initial 
disturbance will give rise either to a decaying motion or to flutter. 
Figs. 12-3-2 and 12-4-1 show the steady oscillations for the airspeeds 
260 feet per second and 500 feet per second, respectively. 


When the frictional moment is applied to the fuselage only, the 
results are similar. 


(e) Characteristics of Aeroplane No. 2 (see Part II). Aeroplanes 
Nos. 1 and 2 have the same damping-factor and frequency diagrams, 
and therefore effectively the same flutter characteristics. But their 
responses to disturbances at speeds below the critical are quite 
different in the case where the friction acts on the rudder. On 
aeroplane No. 1, if the airspeed is less than the critical value 240, the 
oscillations decay. This also occurs with aeroplane No. 2, provided the 
airspeed is less than about 215. On the other hand, for any speed. 
within the range 215-240 two distinct sets of steady oscillations are 
possible, one (small amplitude) of unstable type and the other (large 
amplitude) of stable type. Consequently, very small disturbances 
produce motions which die; moderate ones give rise to oscillations 
which grow and finally tend to the large amplitude stable steady motion: 
still greater disturbances result in oscillations which decrease to the 
same stable motion. 

The histories of the motion due to three different initial disturbances, 
for an airspeed of 230, are represented in Fig. 12.9.2. Curve B is the 
unstable (small amplitude) steady motion, the angtlar amplitude of 
the rudder in this motion being about 0-039 degree per foot-pound of 
(limiting) frictional hinge moment applied to the rudder. The corre- 
sponding amplitude for the stable steady oscillations (not actually 
shown in the diagram) is 0-278 degree per foot-pound of friction. Any 
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disturbance similar to, but less than, that required to initiate oscilla- 
tions B, gives rise to ἃ motion which decays (e.g. oscillations A): 
whereas any similar disturbance greater than that corresponding to 
motion B produces oscillations which increase to a limiting amplitude 
of 0-278 degree per foot-pound of friction (e.g. oscillations C). A maxi- 
mum amplitude increase of about 7:1 is thus to be expected at the 
particular airspeed considered. 

The theory shows that the amplitude of the stable steady oscillations 
increases very rapidly as the critical speed is approached. On the 
other hand, the amplitude of the unstable set is not greatly affected. 
Hence the effect of the friction in the present instance virtually amounts 
to a slight, and somewhat indefinite, reduction of the critical speed. 


(f) Characteristics of Aeroplane No. 3 (see Part III). This aeroplane 
is free from tail flutter at all airspeeds, but its margin of stability is low. 
The feature of interest is the fact that at an airspeed of 230, its oscil- 
latory characteristics, when friction is present, are identical with those 
of aeroplane No. 2. This shows the possibility of bounded free oscilla- 
tions occurring on an aeroplané which has no true critical speed. 


Part I. AEROPLANE No. 1 


12-2. Numerical Data. The system here considered is the aero- 
plane of which the tail flutter characteristics are discussed in Chapter Vv 
of Ref. 42. The two degrees of freedom* correspond to angular dis- 
placement q, of the tail unit in torsion (measured positively when the 
starboard tailplane moves downwards) and angular displacement q, 
of the rudder (measured positively when the rudder trailing edge moves 


| Table 12.9.1 
Dynamical Coefficients for Aeroplane No. 1 _ 
Fuselage (40) “Rudder (4,) 
Coefficient : Coefficient Value 


- 1-15 
— 0-041 
0 


0-745 
0-034V 
0-00358 V2 . 


* The coordinates 4), g, correspond respectively to Q and ¢ of Chap. v of Ref. 42. 
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to port). The dynamical coefficients appropriate to the frictionless 
aeroplane are reproduced in Table 12.2.1 from Table 43 of Ref. 42: 
for simplicity the gravitational cross stiffness is neglected. 

Except where otherwise stated angles are assumed to be measured 
in radians, moments in pounds feet, stiffnesses in pounds feet per 
radian, and airspeeds V in feet per second. 

The determinantal equation for a general airspeed V is 

PoAt+ py AF + pgA2+pgAt+Pe= 9, 6λἋ᾽...... (1) 

where Po = 31-979, 

p, = 267170, 

Po = 25106-5 + 011168272, 

p, = 1145-8V + 0:010477673, 

Pp, = 120-646V?. , 
Table 12-2-2 gives the calculated roots for a number of different air- 
speeds: the four roots are denoted by 

A, =ptino, Ag=p—-tu, ἃς τῷ μ΄ tw’, A= pW’. 


Table 12.2.2 


Roots of Determinantal Equation for Aeroplane No. 1 
(Also applicable to Aeroplane No. 2) 


28-0195 


27-3904 
25-5809 
25-4747 


25-5811 
25-9749 
26-5275 
27-1810 
31-2253 
35-9271 


6-6277 
13-4658 
14-8973 
15-2049 
15-6327 
15-8515 
15-9176 
14-7198 
10-7665 


The critical speed for flutter is thus 239-8. 


12-3. Steady Oscillations on Aeroplane No. 1 at V = 260. 
(Rudder Frictionally Constrained.) The calculations for this case 
will be explained in some detail. The dynamical coefficients, as deduced 
from Table 12.2.1 with V = 260, given in Table 12-3:1. 

Further (see Table 12-2: 2), 

Ap,pAgeetio =  0-6868 + 25-9749, 
Ag Agee’ tio! = — 11-5477 Ὁ 15-63271. 
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Table 12-3-1 | 
Dynamical Constants for Aeroplane No. 1 at V = 260. 


Fuselage (¢;) Rudder (q;) 


Coefficient Value 


-1-15 


The values of the constants A,4,,7, are given by (11-41), and the 
following formula is typical: 


Akay, =- Zp = — py — (An AR + By A, + Cy). ὌΝ (1) 

The results are 
AvkenVi=E+iy = (7-81516 +9-380834) 10-8, ...... (2) 
Agha ¥3=£' +in’ = (—7-81516 + 35-236191) 10-8, ......(3) 


while Ag koay, and Δ, ἔφα γᾳ are respectively the conjugates of (2) and (3). 
It should be noted that an immediate check of the accuracy is here 
provided by the condition (see (11-4°3)) 


4 
Σ Roker Oe chs (4) 


The next step is the solution of the semi-period equation (11-6-3), 
namely 


4 6Τλ,.. ] 
Q(T) =X Apher Yep =O we (5) 


eTa—1 sinh Tu+isin To 


Now ed ee 
ef4+1 cosh T+ οοΒ Tw ’ 


and the expression appropriate to the root A, is similar. Hence (δ) 

is reducible to 

€sinh Tu—ysinTw ξ΄ sinh Ty’ -- η' sin To’ 5’ 
cosh 7'4-+ cos Tw cosh T'z’+cos To’ ~~ 

Curve No. 2 of Fig. 12-3-1 is part of the graph of Q(T) plotted against 7’. 

The lowest root of the set discussed in §11-7 works out, on close 


40(7) = 
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approximation, to J, = 0-11856. Hence | 


eTiA1— ] ; 
etal = 15°56+ 11-812, 
eTirs—] : 
οΤἷιὰς Ε1 = -1.01836- 0°5293+. 


The initial displacement qg,(0)/R, and initial acceleration ¢,(0)/R, are 
next calculable by the formulae (11-6-5) and (11-6-6), namely | 


q(0)_ < elders 

Ry bet  ππΠΠ (8) 
G2(0) _ a et ar — 1 

R, —— Aaa + As KorVr etary + 1 “ ὧ.Ρ᾽᾽οο᾿|,. ττττττττττὯῦὲτὴτὴτὴὲλτὴ::λ:ὲνν  Φφφφφοα (7) 


From (2) and (3) 


Keo ¥1, = (368-847 — 291-1224)10-*, 6 δὼ...... (8) 
kos'V3 = (1697-198 — 753-7744) 10-7,  ....... (9) 
At ke V1 = — 0-238299 + 0-209441¢, 
A2kes'V, = — 0-460581 — 0:529072i. 
Again Beg = -Ay/y = 1-39779. 


At this stage several checks on the accuracy are possible. Firstly, from 
(11-4-2) and the definition of the constants ¢ it follows that 


— | 
Pg = Cy/P, = Σ ae'Ye 
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The value of C\,/p, works out as 4132-09 x 10-*, which is in exact 


agreement with the value of Σ ko, given by equations (8) and (9). 
Secondly (see (1 1-4-4), ae 
| = Ae kay, = — Ag, = —Ayy/Dpy, 
and the calculated values are —a,. = — 1-39779 and 
ley, = — 1:39776. 


The numerical checks are thus satisfactory. 


From equations (6) and (7) we find that 
g2(0)/R, = + 0-015712, 
§,(0)/Ry = —9-4718. 
Hence conditions (C) of §11-6 are satisfied. Conditions (D) require 
that the velocity ¢,(¢) shall not vanish within the interval ἐ =Otot = 7. 


To decide this question we shall determine the actual motion of the 
rudder (g,) during the first stroke. The displacement at any time ¢ 
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during this stroke is a 2 jets 
Ἴ = Btwn τεσ) 
where Τ' = 0-11856; while the velocity is given by the formula 
io(t ω err 
Tk Abe 
The results, which are shown plotted in Fig. 12-3-2, show that all the 
required conditions are satisfied. The dotted curves correspond to a 
simple harmonic motion, and are added for comparison. 
eaueuen (11-8-5) reduces in the present case to the cubic 
17-01092z3 — 19-9916z? + 2: -50234z—1 = 0. 
There is one real root z, = 1-0897, and two conjugate complex roots 
having the modulus 0-2322. Since | z, | > 1, the oscillations are unstable. 
It may be noted that the value of z, agrees quite well with the approxi- 
mate value 1-083 given by the formula (11-8-6). 


12-4. Steady Oscillations on Aeroplane No. 1 at Various 
Speeds. (Rudder Frictionally Constrained.) A summary of results 
for other airspeeds will now be given. Table 12-4-1 gives the values of 
the constants A, αι γι and. Agkas73.- 


Table 12-41 


Values of A, key, and Agkasy3 for Aeroplane No. 1 
(Rudder Frictionally Constratned) 


V Ag kay x 10° As kegs x 10° 
aa (critical) 9-6379 + 6-8777s — 9-6379 + 40-7463% 
60 


7-8152 + 9-3808s — 71-8152 + 35-2362 
300 4-0923 + 11-2649 — 40923 + 28-7984s 
500 — 2:5033 + 9-80691 + 25033 + 25-5891 


The graph of the function Ω(ΤΊ appropriate to the critical speed 
V, = 239-8 is curve No. 1 of Fig. 12-3-1, and it has asymptotes 
situated at the values Τ -- πίω, 3m/w, etc., where πίω = 0-12281. 
The lowest non-zero root of the semi-period equation in this case is 
πηι = 0-32848, but the oscillations corresponding to this root can be 
proved to be spurious, since g,(0) and g,(0) are both positive. | 

For a speed, say V,+.¢, very close to the critical value, the lowest 
non-zero root lies adjacent to the first asymptote of curve No. 1 and 
its value is approximately | 
T = 0-12281 —0-00023¢. 
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In this case, if terms in 1/e only are retained, 
eTi—1 250+ 2307 


eTa+] ε ’ 
4,(0) 0808 
ἃ, ε᾿ 
Gx(0) 201: 
 ς 


i 
CONC 
LAPS 


» ων 
πνεῖ 
τ | 


0-08 0-12 
Fig. 12-41 


0-04 


Hence steady oscillations can occur if ¢ is positive (i.e. for speeds Just 
above the critical). However, if ¢ is very small, the initial disturbance 
required will be correspondingly large, and the oscillations themselves 
will approximate closely to the sinusoidal type. 

Curve No. 2 has already been discussed in § 12-3, while curves No. 3 
and No. 4 relate respectively to V = 300 and V = 500. It may be 
noted that all the curves have the same slope (—4a,,) at the origin 
T = 0. The calculated values of g.(0) /R, and of g,(0)/R. for the lowest 
root 7’ in the several cases considered are as follows. | 
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Table 12-4°2 


V qx(0)/R, 1 ἄμ), Remarks 


239-8 (critical) +0-005675 Condition (C) of 


§ 11-6 violated 
+0-015712 : Theoretically 
+0-006801 possible, but 
+0-002851 unstable 


The first down-strokes in the rudder motion corresponding to the 
two cases V = 260 and V = 500 are shown compared against sinusoidal 
oscillations in Figs. 12-3-2 and 12-4-1. It will be seen that the deviation 
from the sine curve is quite appreciable in the case V = 500. 


12-5. Steady Oscillations on Aeroplane No. 1. (Fuselage 
Frictionally Constrained.) The oscillations when the fuselage is 
frictionally constrained have not been investigated in detail. To 
render the formulae of §11-6 directly applicable, the coordinate q, 
must in this case be chosen to refer to the fuselage and the coefficients 
in. Table 12.2.1 must be correspondingly transposed. The value of 
Ajkoy, appropriate to the critical speed works out as 


E+in = (— 128-28 + 329-551) x 10-*. 
Since 7 > 0, the steady oscillations occur at speeds above the critical. 


Part II. AEROPLANE No. 2 


12:6. Numerical Data. The complete set of dynamical coefficients 
required for an application of the theory to rudder-fuselage oscillations 
has only been measured for the one aeroplane already considered. In 
order to provide an illustration of a system which exhibits steady 
oscillations below the critical speed, it has been necessary to adopt 
rather arbitrarily a new set of coefficients. These have been derived 
by postmultiplication of the inertial, damping, and stiffness matrices 
appropriate to aeroplane No. 1 by a non-singular matrix u of suitable 
constants. In this case, if A, B, C refer to the modified system, we shall 


have AA®+BA+C = (AA?+ BA+C)u, 
and the roots of the determinantal equation for each airspeed will 


accordingly be unchanged by the transformation. The elements of w 
must, of course, be chosen such that the symmetry of the inertial and 
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elastic stiffness matrices is preserved and that the discriminants of the 
kinetic energy for the modified system are all positive. Moreover, in 
order that steady oscillations shall be possible on the modified system 
at speeds below the critical, we require 7<0. By an application of 
(12.8.1), it is easy to show that this last condition can be expressed as 


(Cy, -- Aj, 0") (4? + 0? — οὐ) — 2ωδμ" Β.. < 0. 
By trial a suitable postmultiplier is found to be 


U= 1-0 0 ᾿ 
-,1000 7:.47826 


The dynamical coefficients for the modified system are summarised 
in Table 12-6-1. 
pres Table 12-6-1 


Dynamical Coefficients for Aeroplane No. 2 


Fuselage (41) Rudder (9) 
Coefficient Value Coefficient Value 


56-2 — 8-60 
~0-299V 


9.687 
33,700 + 1-01 V2 
— 8-60 


— 1390967 7 
— 07553002 | 0-026772V3 


The coefficients of the new determinantal equation are the same as 
those for equation (12-2-1), multiplied by the constant factor 7-47826. 


12:7. Steady Oscillations on Aeroplane No. 2. (Rudder 
Frictionally Constrained.) For the critical speed V, = 239-8 it is 
found that 7 | 

AykaYi=Stty = (7-88129 — 1-413632) 10-3, 

Agkos V3 = & +19’ = (—7:°88129 + 15-298562) 10-3, 
and since 7 < 0 stable steady oscillations are possible below the critical 
speed. 

Curve No. 1 of Fig. 12-7-1 shows the graph of 0(7') corresponding 
to the critical speed. The lowest non-zero root of the semi-period equa- 
tion is 7’ = 0-09608, and this leads to the values q,(0)/R, = 0-000551 
and g,(0)/R, = —0-3474. The corresponding steady oscillations can be 
shown to be unstable. 

With V = 230, the calculated constants are 

| E+ in = (7-51056 — 2-10301%) 10-3, 
ξ' «εἴη! = (—7-51056 + 15-965332) μα] 
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and the semi-period equation is found to have for two of its roots the 
values 7, = 0-09937 and 7, = 0-11607 (see curve No. 2 of Fig. 12-7-1). 
The initial displacement and acceleration corresponding to the lower 
root T; are 

g_(0)/R, = 0-000681 and 4,(0)/R, = —0-4385; 
while those appropriate to 7’, are 

g,(0)/R, = 0:00485 and 4,(0)/R, = — 3-312. 
In both cases condition (D) of § 11-6 is also satisfied.* An application 
of the criteria for stability shows that the first set of oscillations are 
unstable and the second set stable. This suggests that with aeroplane 


Fig. 12.1.1 


No. 2, for a certain range of the airspeed below the critical speed, a 
moderately large disturbance may produce oscillations which grow 
to a relatively large constant limiting amplitude, but that a smaller 
disturbance will produce decaying oscillations leading ultimately to 
ankylosis. The limiting amplitude to be expected from growing 
oscillations will increase continuously the closer the speed approaches 
the critical value. 

From Fig. 12-7-1 it is seen that at a speed as low as V = 200 (curve 
No. 3), the two real roots corresponding to 7), and T, have disappeared, 
so that steady oscillations are no longer possible. Hence at this speed 
the oscillations due to any disturbance eventually die away. 


* This is confirmed by the graphical method in § 12-9. 
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12:8. Steady Oscillations on Aeroplane No. 2. (Fuselage 
Frictionally Constrained.) The particular transformation used to 
derive the dynamical coefficients for aeroplane No. 2 from those of aero- 
plane No. 1 is such that the coefficients Ag,, By, and C,, in Table 12-61 
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Fig. 12-9-1 (a) 


are all proportional to the corresponding coefficients 4..,, Bos and Cg. in 
Table 12-2-1. Since also the roots of A(A) = 0 appropriate to the critical 
speed are the same in the two cases, it readily follows that the conclu- 
sions drawn in § 12-5 are equally applicable to aeroplane No. 2. Hence 
when the fuselage is frictionally constrained, the steady oscillations on 
aeroplane No. 2 occur above the critical speed, and are unstable. 


12:9. Graphical Investigation of Complete Motion on Aero- 
plane No. 2 at V = 230. (Rudder Frictionally Constrained.) 
In §11-9 a method is given for the graphical description of the com- 
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_ plete motion of a binary system. This method will now be applied to 
aeroplane No. 2 for V = 230, which is about 10 feet per second below 
the critical speed. Throughout, the friction is assumed to be applied 
to the rudder only. 


-ΟΟἹ “ ΄ 0-01 
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Fig. 12-9-1 (a’) 


The appropriate values of A,k,,, are (see (12°7-1)) 

A, key. = (751056 — 2-103014) 10-8, 

Agkas'¥3 = (— 751056 + 15-96533%) 10-8. 
Hence, in displacement diagram No. 1 (Fig. 12-9-1 (a), corresponding 
to Fig. 11-9-1 (α)), the down-centre D and up-centre U have, respectively, 
the coordinates (+7-51x 10-3, —2-10x10-%) and (—7-51 x 10-3, 
+ 2-10 x 10-%); while in displacement diagram No. 2 (Fig. 12-9-1 (a’)) 
D' is the point (— 7-51 x 10-8, 15-97 x 10-5) and {7 is (+ 7-51 x 10-3, 
— 15-97 x 10-). 
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Spiral No. 1 (Fig. 12.90.1 (δ), corresponding to Fig. 11-9-1(6)) is the 
curve r = ομθίω — 9-0-0140940 | Ἢ 


where 9 is the angle of rotation of the radius r in radians, and θ = wt. 
For convenience, the are is divided into equal steps 0 = 10 degrees 
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Fig. 12-9-1 (6) : Fig. 12-9-1 (6 


Wa 


_or 7/18 radians, so that each step represents a time interval of 
t = 7/18w = 0-0068512 sec. Spiral No. 2 (Fig. 12-9-1 (6’)) is the curve 


= “9|ω. pn—0°620: , 


where 0’ = ΟἽ, and its arc is divided into steps representing the same 
time intervals as for No. 1. Thus 6’/0 = w’/w, so that a step in 0 
amounting to 10 degrees corresponds to a step in &’ amounting to 
5-8479 degrees. τ΄ 


1299 GRAPHICAL METHOD 375 


EXAMPLES 


(i) Steady Oscillations Corresponding to T, =0-09937. This is one of 
the cases discussed in § 12-7. The relevant data are 


ef iA — ] : 
Aka τηα, ΤΊ = (5°1738 + 24-1772t) 10-3, 


| eTits— ] 
AskesYs efuet I 


Hence the positions of P,, Pg (which are fixed by the initial conditions 
for the first down-stroke) are 


= (—5:1738 — 15-75061) 10-8. 


Py = (5:17 x 10-3, 24-18 x 10:8), 
Pi =(—5:17x 10-8, —15-75 x 107). 


These points are marked on the displacement diagrams Nos. 1 and 2, 
respectively, and the description of the motion is then begun. The first 
operation is to superpose displacement diagram No. 1 on spiral No. 1, 
with D and P, registered, respectively, on the pole and on the curve; 
the second pair of diagrams is superposed in a similar manner. The 
two observers (one for each pair of superposed diagrams) now follow 
the spirals with pointers, proceeding by equal time steps in the 
positive sense, so that in each case the radius vector DP is shrinking. 
In the early stages the abscissae of P, P’ (initially numerically equal, 
although of opposite signs) begin to diverge; but after about 14-5 
steps (ie. about 145 degrees on diagram No. 1 and 85 degrees on 
diagram No. 2), they again become equal and opposite. At this stage 
the velocity again vanishes, and the first down-stroke is complete. 
It is found that the new positions of P and P’ (namely P, and P;) are 
such that O lies on and bisects P,P,, while similarly O’ lies on and 
bisects Pj. P}. This shows that the motion is steady. Further, the angle 
of rotation 9 amounts to 145 degrees, and this corresponds to a semi- 
period 7, = 0-0993 sec., in good agreement with the value obtained by 
direct calculation. | 


(ii) Steady Oscillations Corresponding to T,, = 0-11607. Here the 
points P,, Pj have, respectively, the coordinates 


Py = (4:11 x 10-8, 82-14 x 10-3), 
Pi =(—4:11x 10-8, —19-00 x 10-%). 
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The procedure is similar to that described for the previous case. It is 
found that the stroke is complete after 16-9 steps, and that the motion 

is steady. The value of the semi-period derived by this method is 
T, = 0-116. 


(ili) Growing Oscillations following a Particular Disturbance. The 
initial displacements and velocities are here all assumed to be 50 per 
cent in excess of those appropriate to the (unstable) steady oscillations 
considered in example (i).* Thus 

P, = (7-76 x 10-3, 36-27 x 10-%), 
Pi = (—7°76x 10-3, — 23-62 x 10-8), 


Table 12-9-1 
Synopsis of Results for Example (iii) (Growing 0 Oscillations) 


No Coordinates of Z; 
* | Time 
neo Type of of 
time | stroke 
steps | 
1 | Down} 15-7 | 0-107, . 
2 |Up 16:15 | 0-110, |. -4-0 16:3 - 16-9 
3 | Down| 15-6 | 0-107 4768) -16-9] 17-5 
4 |Up 15-75 | 0-108 —~4:75| 17-5| —17°5 
5 | Down) 15-7 | 0-107, 4-75 | -17°5 17-5 
6 |Up 15°85 | 0-108, ~4:75| 17-5| -17°5 
7 | Down | 15-85 | 0-108, 4.158] -17-5| 17-6 
8 |Up 15-9 0: 109 -4:65; 17-6] -—176 
9 | Down | 15-95 | 0-109, 46 1-176) 17-6 
10 | Up 16-0 | 0: 109, -46 17-6 | - 17. 


The results obtained at the terminal instants of the first 10 complete 
strokes of the rudder are given in Table 12-9-1. To obtain a more 
detailed description of the motion it is necessary, as explained in 
§11-9, to note the current positions of P and P’ on the spirals for a 
number of the individual time steps. The value of the velocity q,(t)/R, 
at any stage is then twice the sum of the current abscissae, while the 
Z = 2 
“a 

Alternatively, the displacement can be deduced by ieee of the 
graph of the velocity. Curve C of Fig. 12-9-2 shows the complete motion 
determined by the first method for the first nine strokes of the rudder: 


corresponding displacement g,(¢)/R, is twice the real part of —— 


* Note that if the displacements and velocities in any initial disturbance are all increased 
proportionally, then the initial reducing variables will also all increase proportionally. 
Hence, in the present case the vectors OP, and O’P, will be 50 per cent in excess of those 
appropriate to example (i). 
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the growth of the oscillations is obvious. However, this growth cannot 
continue indefinitely, and it is clear that the ultimate motion will be 
the stable steady oscillations discussed in example (ii). The initial 
angular displacement of the rudder is in the present case 0-0585 degree 
per foot pound of frictional moment R,, while the maximum displace- 
ment is 0-278 degree per foot-pound. The ratio of initial to final ampli- 
tude is thus about 1: 5. | 
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Fig. 12-9-2 


(iv) Decaying Oscillations leading to Ankylosis. For this example the 
initial displacements and velocities are assumed to be only three- 
quarters of those appropriate to the (unstable) steady oscillations of 
example (i). The resulting motion is found to be complete for four 
strokes of the rudder; temporary ankylosis then occurs, and eventually 
permanent ankylosis. 

The initial data for the first stage of the motion are 

P, = (39x 10-8, 18-1 x 10-3), 

P= (—3-9x 10-8, —11-8x 10-4), 
corresponding to a rudder displacement q,(0)/R, of about 0-51 x 10-*. 
- The displacements at the stopping instants of the first four strokes are 
found by the graphical method to be respectively 

—0:215 x 10-3, 0:305x 10-8, —0-131x10-, and 0-087 ~x 10-3, 

while the variation of velocity ¢,/R, during each stroke is determined 
by addition of the abscissae of P, P’ for corresponding positions along 
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the spirals. A graphical integration of the velocity diagram, controlled 
by the known values of the displacements at the terminal instants, 
yields the final graph of the rudder displacement (see Fig. 12-9-3) 
during the first four strokes. 

An attempt to continue the graphical operations, with the down- 
centres D, D' registered on the poles of the spirals on the supposition 
that complete motion continues with a down-stroke, leads immediately 
to the contradictory result that the starting acceleration for the fifth 
stroke is positive. This indicates ankylosis. The measured positive 
starting acceleration does not here mean that complete motion ensues 


vg an 


with an up-stroke. A genuine up-stroke would be realisable only if 
the acceleration happened to be positive with the up-centres U, U' 
registered on the poles of the spirals: this is not true for the present case. 

In order to determine the ankylotic motion we may use either an 
analytical or a graphical method. The analytical treatment will be 
illustrated here. The differential equation for the ankylotic motion is 


(599 § 11-5) Anht+BuhtGig = —Oedelts), 6δ)8Ὺ...... (1) 
where q,(¢,) is the constant value of the ankylosed rudder coordinate. 
Further, ankylosis will persist so long as the quantity 


(4% Ὁ Bagi + Cag + Coa Qalts))/By 6 «νος (2) 
is numerically less than unity. | 
The first step is to derive the initial displacements and velocities of 


the fuselage in the ankylotic motion from the corresponding known 
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values of the reducing variables: for this purpose the formulae (11-3-1) 
and (11.8.2) can be used. The values of Z, Z’ appropriate to the 
stopping instant ἐς of the fourth stroke in the complete motion are 
Z,x 10? = 5°84 11-81 and Z x 1038 = — 5-8— 12-21. Hence 

Ay egy Oy (t)/Rq = (5°8 + 11-82) 10-%, 


Also ar = _fix(Ay) = 0-64057 — 0-098742, 
key 11(Ay 


ἔμ Fia(As) . 
= A = 0:49702 + 0054522. 
kas Fin(As) 
The required initial values, which can now be calculated, are 
qi (t,)/R, = 0-058 x 10-8 and 4¢,(t,)/R, = 5-32 x 10. ὅ, 

Next, on substitution of the numerical data, equation (1) becomes 

The solution appropriate to the initial values just determined is 

10° x ¢,(t)/R, = 0040 — 0-142e—742 cos ᾧ, 

where ¢ (assumed expressed in degrees) has the value 2215-5t + 97-3, 
and ¢ = 0 is temporarily adopted as the starting instant for the an- 
kylotic motion. At t = 0 the quantity (2) has the value 0-5674; this 
confirms the occurrence of the ankylosis. However, at ἡ = 0-0093 
the value is + 1-0, so that at this instant complete motion is resumed. 
The positive sign for (2) indicates that the ensuing stroke in ας will be 
downwards. 

To proceed again by the graphical method for complete motion a 
preliminary conversion to the reducing variables is necessary. The 
formula appropriate to the root A, may be written (see 11-3-8) 

F(a : 
{hy 0, bay %} = — Cy (Cq—A, Aq), 
A,A(A)) 
and the numerical data actually required for the computation of 
λει χα 16. Og_ A, Ag = 10-8R, [ 5493-1 — 5824-04 | 
— 82°52 + 891-232 


fix(Aq) = 5036-94 + 20240-7831, 
(1) 
~— 1/A(A,) = (0°11394 — 0-087551) 10-6. 
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Hence Ay ky, 0,/Rg=Z = (2.409 + 11-2997) 10-3; 
and a similar calculation gives _ 

Ag hes %s/R,=Z' = (— 2-469 — 9-8694) 10-8. 


These results fix the positions of the initial points in the displacement 
diagrams, and the next stroke can now be followed out in the usual 
manner. The velocity throughout the stroke is found to be negative, 
but always very small, and at the conclusion of the stroke permanent 
ankylosis is readily proved to occur. 

The full history of the behaviour of the ea ie is represented in 
Fig. 12-9-3. 

Comparison between Types of Motion in ne (i), (11) and (iv). 
A comparison between three types of rudder motion on aeroplane 
No. 2 at V = 230 is given in Fig. 12-9-2. Graph A shows the decreasing 
motion just described in example (iv); graph B corresponds to the 
steady unstable oscillations, with the semi-period Τ' = 0-0994, con- 
sidered in example (i); lastly graph C relates to the growing oscillations 
discussed in example (iii). The initial disturbances appropriate to the 
three types of motion can for brevity be referred to as 0-75X, X, and 


1-5X respectively. Here X denotes the complete disturbance required | 


to produce the steady oscillations, and is specifically 


q,(0)/R, = 0-0004865, 9,(0)/R, = — 
G,(0)/R, = 0-007977, ¢,(0)/R, = 0. 


As already remarked, the motion C cannot grow indefinitely. It tends _ 


ultimately to the steady stable oscillations with the semi-period 
T = 0-116. 


Parr ITI. heponrawe No. 3 


12-10. Aeroplane No. 3. A final example is given to show that 
solid friction can produce bounded oscillations of a dynamical system, 
even when the frictionless system is always stable. 

To derive a simple illustration we shall retain all the dynamical 
coefficients appropriate to aeroplane No. 2 (see Table 126-1) with the 
exception of the stiffness coefficient C,,. If the new stiffness coefficient 
is chosen to be 33,700 + 1-01V2+a(V?— 2302), and a is arbitrary, then 
evidently all the dynamical coefficients for the new system—which 
we shall call aeroplane No. 3—will agree with those for No. 2 when 
V = 230. Hence at this particular speed the oscillatory characteristics 


12:10 AEROPLANE NO. 3 381 


of the two aeroplanes, with or without friction, will be identical. In 
_ particular, the bounded oscillations already shown to be possible on 
aeroplane No. 2 will also be possible on aeroplane No. 3, irrespective 
of the value of a. It only remains to choose the constant ὦ in such a 
way as to render aeroplane No. 3 stable at all airspeeds. A value for a 
which renders all the coefficients of the determinantal equation and 
the test function 75 positive at all speeds is 0-6. The approximate values 
of the roots of A(A) = 0 for a few representative airspeeds are tabulated 
below. 


Table 12-10-1 
Roots of Deternunantal Equation for Aeroplane No. 3 


It will be noted that, although the aeroplane is completely free from 
flutter, yet it is only slightly stable at all speeds. Naturally no actual 
aeroplane would have such characteristics, but it is quite possible for ὁ 
an aeroplane which is immune from flutter to approach very close to 
flutter at particular flying speeds (see Fig. 12.1.8). From the examples 
already worked out it seems clear that at such speeds the development 
of much friction in the controls might sometimes result in the occurrence 
of bounded oscillations. 


CHAPTER XIII 


_ PITCHING OSCILLATIONS OF A FRICTIONALLY 
CONSTRAINED AEROFOIL 


13-1. Preliminary Remarks. The theory given in Chapters x1 
and XII indicates that with particular aerodynamical systems possessing 
solid friction, steady oscillations can occur at airspeeds less than the 
critical speed for flutter. If the system has two degrees of freedom 
represented by the generalised coordinates 4), gz, and if qg, only is 
subject to frictional constraint, then stable steady oscillations are 
possible below the critical speed provided that (see §§ 11-7, 11-8, and 
equations (11-3-13), (11-4-1)) 


REQ age (1) 

᾿ς OA 1 OA 
where +n tAken yy = πε meme, tate 2 
| E+in=aAykny; Cg Ay O Bos (2) 


and A, denotes the critical root.* If A, = 7 at the critical speed, and 
if du is the increment of the real part of the root when the speed is 
slightly increased from the critical value, then the criterion (1) can be 
‘expressed as 


Ομ 
εὐ αι a seeeer (3) 


This inequality has a simple physical significance. It requires that 
instability of the frictionless system shall develop if, while the airspeed 
is maintained at its critical value, the direct damping coefficient 
appropriate to the coordinate q, is given a small positive increment. 
Steady oscillations of the type just referred to have been demon- 
strated in a wind tunnel} at the National Physical Laboratory. The 
system chosen for these experiments consisted of a single rigid aerofoil 
capable of pitching motion about two separate axes, and it was 
designed entirely from theoretical considerations. Part I of the present: 
Chapter deals with some problems connected with the design of the 
apparatus, and Part II gives a brief description of the experiments. 


* For the definition of critical root see ὃ 12-1. ft Ref. 43. 
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Part I. Tut Test SYSTEM AND ITS DESIGN 


13-2. Description of the Aerofoil System. The system as finally 
constructed is shown in Figs. 13-2-1, 13-2-2, 13-2-3. The two vertical 
axes about which pitching movements are allowed are AA and BB: 
these will be referred to as the ‘“‘frame axis”’ and the “‘aerofoil axis”’, 
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Fig. 13.2.3 


respectively. The rigid frame 4.44.8 consists of a steel rod AA of dia- 
meter 0-5 inch, two arms of square channel section K, and a steel rod BB 
of diameter 0-25 inch. The frame is pivoted about AA as an axis. At 
- the bottom is a point and cup support F’, with a locking point G@ carried 
on a small bridge; the top support is a simple journal bearing H. The 
rod BB carries a pair of ball-bearings which support a rigid wooden 
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aerofoil of symmetrical section. Screwed to each end of the aerofoil 
is a metal plate H, and attached to each plate by metal screws is a 
τ circular steel disc C in the centre of which is the spherical ball-race. 
The attachment between C and £ is such that it is possible to adjust 
the position of the aerofoil with respect to the axis BB; for this purpose 
the hole in the aerofoil, through which the rod BB passes, is of elongated 
section (Fig. 13-2-3). 

Bearing against the rims of the two discs C are two steel levers D 
(Fig. 13-2-2). These are operated by threads J which pass through small 
holes in the supports £’, H and on the axis AA, and so to the outside 
of the wind tunnel. Small release springs Z are also attached to the 
levers D. The arrangement is such that the motion of the aerofoil with 
respect to the frame can be constrained by solid friction applied 
externally; but any tension in the threads does not affect the motion 
of the frame relative to earth. | | 

‘The actual aerofoil used was made of yellow pine, and had a span of 
nearly 4 feet, a chord of 6 inches, and a maximum thickness of 0°75 
inch: the profile is shown in Fig. 13-2-3. The distance between the axes 
AA, BB was chosen to be 8 inches, and the axis BB was at 0-9 inch 

(i.e. 0-15 chord) behind the leading edge of the aerofoil. Stability for 
the frame was provided by attaching springs in pairs to the arms K, 
which were provided with hooks at various radii. These arms were also 
extended backwards so that, if necessary, the frame could be cross- 
braced and given additional inertia. 

For the measurement of small or moderately large angular sigpisess 
ments a small mirror was fixed to the shaft 4A and used in conjunction 
with a spotlight and scale. Very large angular displacements were read 
directly on a quadrant. A second mirror attached to the aerofoil near 
the shaft BB was used i in experiments with the frame locked. 


13-3. Data Relating to the Design of the Test System. The 
preceding description applies to the test system as constructed, but 
the final design depended on much preliminary theoretical work. The 
aerofoil itself, and the position of the aerofoil axis BB at 0-9 inch behind 
the leading edge, were treated as definitely assigned from the outset. 
However, certain of the inertias and spring stiffnesses, and the position 
of the frame axis AA, were left free to be varied. The calculations 
relating to the aerodynamical derivatives and to the inertias will now 
_ be summarised. 3 
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(a) The Aerodynamical Derivatives. The derivatives appropriate 
to coupled pitching and normal oscillations are deduced from the 
theory of the accelerated motion of an aerofoil in Ref. 44. The 
generalised coordinates corresponding to these two degrees of freedom 
are @ (inclination in pitch) and z (linear displacement of the pitching 
axis normal to the chord). The senses of these coordinates are indicated 
in Fig. 13.3.1. | 

The derivatives given by the theory depend through a parameter 
on the frequency of oscillation. We shall see later that in relation 
to the application in view this frequency parameter, which is defined 
as we/V (where w/2z is the frequency, c the chord, and V the airspeed), 
can be chosen at convenience: the value we/V = 0-4 will be adopted. 


DIRECTION 
OF WIND 


Fig. 13.3.1 


If Z denotes the normal force and M the pitching moment about the 
aerofoil axis BB (prescribed at 0-15 chord behind the leading edge), 
the appropriate derivatives are as follows:* 


Damping Matrix. sa, oe: a = als ὁ" 1-40 | 
0 


—M, —M; 0-467 0:47 
Aerodynamic Stiffness Matrix. 
W= -—Z, ed =10%V2/0 9-34 ] 


For the investigation of the effects due to friction it is convenient 
to adopt for the generalised coordinates the angle of rotation q, 
about AA of the frame relative to earth and the angle of rotation 
4, about BB of the aerofoil relative to the frame (see Fig. 18.8.1). 
If 7 denotes the distance AB, these coordinates are connected with 
2, 8 by the linear substitution 


zj=[-l 0 411: 
θ] 1 1{|4 
* Since the aerofoil spanned the wind tunnel no corrections for aspect ratio were 


attempted. However, a slope of 2-7 was assumed for the lift coefficient curve instead of the 
usual theoretical value 7. | 
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or say fz, 0} = uq. The aerodynamical damping and stiffness matrices 
B, W appropriate to the coordinates q,, g, are then given by (compare 
example to ὃ 9-3) | 


B=u'Su = 105-37 --ἰ " 9:34 140 Ἰ| -- ΟἹ, 
QO 10.467 0.470| 1 1 
W = wu'%u = 10.375 --ἰ | 0 9:34 ite Hi 
O 1{|0Ὸ0 0.467|11 1 
In particular, if 1 = ἃ foot (as in Fig. 13-2-1), these yield 


B = 10-3ΡΓ3.-38 -- 0.460] and W=10°V2-5-76 —5-76 1. 
| 0:16 0-47 0:467 0-467 


Fig. 13-3-2 


(ὁ) The Inertias. The contour adopted for the aerofoil is a blunt- 
nosed quartic oval.* The half-thickness ὁ at a distance ἔς behind the 
leading edge is 

29 
t= (48)# (1-8), 


where ὃ is the maximum thickness-chord ratio. Hence if 8 is the 
span, y the material density, and K = $9sc*y(4)?, the inertias are given 
by (see Fig. 13:3-2) 


1 . 
Ay = K | 1-8 (b+ ha 
ων 
Ρ-άμπάμ- Κ δα - δα- δ λ- )άς, 
fl 
Ag =K| εἶα -- α- ἐμά, 


in which he, ke are respectively the distance between the leading edge 
and AA, and the distance between 4A and BB. 


* Defined in Ref. 45. 
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For the test system as finally constructed, 8 = 4 ft., ὁ = 0-5 ft., 
D = 0126, y = 0-75 slug/ft.3, h = 0-15, and k = 1:3333. The numerical 
values of the inertias for the aerofoil alone are then* 


Ay, = 19-1x 10° slug ft.”, 
P = Aj, = Ay, = —3°3 x 10-3 slug ft.?, 


For the complete system, the moment of inertia of the frame about 
the axis AA must be added to the value of A,, appropriate to the 
aerofoil only, while the values of P and A,, are also modified by the 
metal attachments to the aerofoil. Any addition of mass to the frame 
will increase A,, without altering P or 4... Hence A,, is a separately 
variable parameter. | | | | 


13-4. Graphical Interpretation of the Criterion for Steady 
Oscillations. In connection with the design of the apparatus, two 
methods were developed for the discussion of the criterion (13-1-3). 
The first, a graphical method, is based on the use of a test conic,t and 
it will be illustrated with reference to the following particular binary 
system. 

Table 13-4-1 


Dynamical Coefficients for Illustrative Binary System No. 1 


— Value x 10* 


35-0 
3.14} 


5-142 + 10%, 
all 


2-3 
(0:47 +a)V 
0-467? + 10%, 


These dynamical constants were estimated for an aerofoil system 
identical with that described in § 13-2, except that the framé axis AA 
was situated 6 inches forward of the aerofoil axis BB. The coordinates 
g, and g, are as defined in ὃ 13-3 and the frictionally constrained co- 
- ordinate is assumed to be go. The spring stiffnesses σ᾿» 7, are regarded 
as parameters temporarily left free for choice, while « in Table 13-4-1 
is a parameter ultimately to be made zero. 

* The elug is the unit of masa commonly adopted in aeronautics. A force of one pound 
applied to a mass of one slug produces an acceleration of one foot per second per second. 


+ For a fuller description of the use of test conics in relation to flutter problems the 
reader should consult Chap. m1 of Ref. 30. | 
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If we write Ομ ΧΙ08 = 5-14V?2+108¢,=XV?, ἐὰν {1} 
Cog X 108 = 0.4671}73- 1086, = YV?, eee (2) 

the coefficients of the determinantal equation are 
10%p, = 63-69, | 

10%p,/V = 17-3727 + 35-0e, 

10%p,/V? = 2-3X + 35-0Y + 3-740 — 22-05341, 

10%p,/V3 = (0°-47-+a) X+3-74Y —4-15981, 

10%p,/V4 = XY —2-40038. | 


30 
Fig. 13.4.1 


The test function T; for stability (see (9-8-1)) is given by 


T3 = Pi P2P3— PoP3 — PiPa, 
and when a = 0 the vanishing of 7', defines the following quadratic 
relation between X and Y: 
0 = X2—9-60548(2X Y) + 293-629 Υ5 | | 
| — 10-3213(2X) — 210-211(2Y) + 268-154. 
_IfX, Y are regarded as rectangular coordinates in a plane, this equation 
represents a test conic, which is shown as conic No. 1 in Fig. 13-4-1. 
Elimination of V? between (1) and (2) gives the stiffness line 
| σι(Υ — 0-467) = o,(X — 5-14), | 
which always passes through the stiffness point Z = (5-14, 0-467), and 
has the positive slope o,/0,. It is seen from the diagram that Z happens 
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to lie very nearly on the conic. The horizontal stiffness line (a, = 0) is 
shown as ZB. When σ᾽, o, are known, the intersection of the corre- 
sponding stiffness line with the conic fixes the critical speed for the 
system. 

The second curve (conic No. 2) shown in Fig. 18.4.1 represents the 


condition 72). OTs = 0, which reduces to 
9 ~ OBas 


0 = X?—5-79196(2X Y)+ 255-613 Y? — 
— 14-5159(2.X) — 215-904(2 Y) +326- 922. 


It is easy to see that points lying inside curve No. 1 correspond to 
T,<0 and hence to instability, and that points inside curve No. 2 
satisfy the condition 07,/0B,,<0. Now consider any point on curve | 
No. 1 which lies within curve No. 2. For such a point 7, = 0 and 
0T,/0B.< 0, so that an increment in B,, leads to a negative value of 
T,, i.e. to instability. Hence 04/0By > 0, which is the condition (13-1-3). 

There are two separate arcs of curve No. 1, namely ABC and DEF, 
. which lie inside curve No. 2 and which thus satisfy the foregoing 
condition. The slope of the stiffness line must, however, be positive. — 
Hence only those portions of the two arcs for which X > 5-14 and 
Y > 0-47 yield permissible values of the stiffnesses. The horizontal line 
_ ZB excludes the portion AB of ABC, while a very small portion of 
DEF is excluded by the vertical line ZG. Stable steady oscillations will — 
- therefore occur at speeds below the critical when friction is present, 
provided the stiffnesses σ᾽» 7 are such that the stiffness line lies within 
either of the angles BZC or DZG. | 

A system of the type discussed, with the frame axis AA forward of 
the aerofoil, was found to be open to certain practical objections and 
was not put into construction. 


13-5. Alternative Treatment Based on the Use of Inertias 
as Parameters. The spring stiffness o, is here assumed to be zero, 
and the stiffness σι (and therefore C,,) and the inertias are left free for 
choice. The coefficients of the determinantal equation are 

Py = Ay, Aas — P?, 

Py = Ay Bag + Ave By — P (By + By); 

Pa = Ay Ogg + Age Cr — P(Cyg+ Cu) + By Bos— Bis Bur, p ------ (1) 
Ps = Bog Cy, + By Cyg— Βασι — B a1» 

Da = Cy Cog— Cina. 
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At a critical speed, A, = iw, and | 
φρω!--ρεωξῬᾳ ΞΟ, anes (2) 
pw" - 8 ΞΞ 0. we (3) 
On substitution of the expressions (1) for the coefficients in (2) and (3) 
two equations are obtained from which C,, can be eliminated. The result 
of this elimination, which is found to be independent of A,,, is 
0 = of P*By,— PAge(Bya + By) + A}, By} | 
+ w*[ P{Coo( Bie + Bor) — Bag(Cye + Cq1)} 
+ Art Bis Coy + Boy Cig — 2.By C93] 
+ {ow Boo( By Bog — Bye Boy) + Bog Qs Cnr 
Coe By Co + Bor Cis) + By Ch}... (4) 
Since in this equation the four damping coefficients B,, and the three 
stiffness coefficients ΟἹ; are proportional to V and V? respectively, the 
equation effectively involves only the unknowns P, 4.5, and the ratio 
w/V. If the frequency parameter we/V, and therefore w/V, is arbitrarily 
assigned, a relation between P and A,, results. 
Again, the formula (12-3-1) gives 
πος ΑἹ) 
Ayke i= ξ +n = —fi(A,)/A(Ay), 
and in the critical case, if A, = iw, this can be reduced to 
E+in = (Cy, — 0? Ay, + 1wB,,)/2(w%p, + tw 2w*y— Pa). ---(5) 
The numerator in (5) can be expressed in a form independent of A,,, 
for on substitution from (1) in (3) we obtain 
ΒΒ, (Ομ — δά...) = (By Age — PByy + By) — By Cog + ΒΟ, + Bu Ομ. 


ΤῸ follows that the expression (5) can be written — 


ἜΝ α-ἰβ 
a ee (AA,,+6)+1(cA,,+d)’ 
where a, 8, a, b,c, and d are all independent of A,, and C,,. The condition 
(13-1-1) requires that | | 
oes A,,(ac—Ba)>(Bb-ad), aa (6) 


The procedure is to assign at convenience the critical frequency 
parameter we/V, to choose a series of values of P, and to determine a 
corresponding value of 4.5 from (4). These values of P and 4.5 are 
then used to determine «, £, a, ὃ, c, and d. Any value of A,, which 
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satisfies (6) and which exceeds P?/A,, can then be assumed, and the 
system so defined will exhibit stable steady oscillations below the 
critical speed. | 
For example, suppose the dynamical coefficients to be as given 
in Table 13-5-1. 
Table 13-5-1 


Dynamical Coefficients for IUustrative Binary System No. 2 


Coefficient Value x 103 Coefficient Value x 10? 


The aerodynamical derivatives are here appropriate to the actual 
test system described in ὃ 13-2. Since for that system ὁ = 0-5 and the 
frequency parameter we/V is assumed to be 0-4, we have ὦ = 0-8/7. 

it Οἱ χ 105 = —5-76V24+10%,=XV%, Ὸ...... (7) 
the formulae (1) yield 

Do = Ay Aga— P?, 

10°p,/V = 0:-47A,,+ 3.384... 0.30}, 

10°p,/V2 = 046714.. Ὁ A,X + 5-293P + 0-0016622, 

103p,/V3? = 0-47 X + 2°71488, 7 

108&p,/V4 = 0:-467X + 2°68992, 
while equations (2) and (3) become | 

| | 0-64p, V2—p, = 0. 
Equation (4), which is derived by substitution for the coefficients p 
and elimination of X, now becomes 
0 = 409600 P? + 261447A,, P + 294563442, 
«4. 8196-745.P — 5846-25144, + 1-07144. 

The values of A,, corresponding to a range of values of P, and the 
appropriate minimum values of 441) 88 calculated from equation (6), | 
are given in Tables 13-5-2 and 13-5-3. In the case P = 0, only the 
greater value of 4,2 is used. | 
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Table 13-5-2 


Ag, x 10° (slug ft.) 
First value Second value 


1-780419 0:204299 
2-636547 Negative 
2-936515 
2-909695 


Table 13-5-3 


P x 108 — 2-0 ~ 4-0 


--  ’“.....----.--- .--- RRA tenement Tien et Ge ὁὁὁῬὅ- 


«ΧΡ 2-41813 5-54148 6-10508 5-16462 
px V 2-704 2-704 2.104 9.104 
a 0:6016 0-6016 0-6016 0-6016 
bx 108 -'7-70280 10-63875 11-16854 10-28450 
C 1-07594 1-95262 2-25979 2-23233 
d x 108 -17-29053 | -—30-23657 | -49-61866 
(Bb — ad) V x 108 214-796: 284-071 
(ac — Ba)V 9-9024 
Minimum A,, x 10° 28-687 


From the results it is seen that quite a wide range of the inertial 
constants is permissible. A rough estimate of the inertias for the 
wooden aerofoil and some of its attachments indicated that the value 
P = —4x.10-%, and the corresponding value of 45, would be realisable 


in practice. The actual value of A,, was expected to exceed greatly the 
minimum required by Table 13-5-3, and a round figure of 40 x 10-3 


was adopted for the further discussion of the test system. 


13-6. Theoretical Behaviour of the Test System. In accord- © 


ance with the conclusions drawn in § 13-5 the dynamical coefficients 


were chosen as follows: 
Table 13-61 


Dynamical Coefficients for Theoretical Test System 
Coefficient Value x 10° Coefficient Value x 108 


40-0 
3-38V 


0-467 V2 


(i) Behaviour at a Critical Speed. The critical value of X (see 
(13°5-7)) leading to simply sinusoidal oscillations of the frictionless 
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system is readily found to be X, = 31-7051, and the critical speed V, 
is then fixed in terms of σι by the relation | 
108o, = 37-465172. 

The coefficients of the determinantal equation for the same condition 
work out as My = 101-4606 x 10-8, 

1 = 27-5254V, x 10-8, 

Pa = 92:2727V2 x 10-6, 

ps = 17:6163V3 x 10-8, 

pg = 17-4962V8 x 10-8. 


Further, the real and i imaginary parts of the roots ‘7 and of the con- 
stants A,k,,7, are given by 


μ = 0, w = 0587, 
μ' = —0-135646Y,, w’ = 0-501041F,, 
VE = 0-077728 x 108, V9 = —0-055964 x 103, 


V,é’ = —0-077728 x 108, = V7’ = 0-503823 x 10°. 
Lastly, the equation which determines the semi-period Τ' is 
0 = 4017 i= Esinh Tu—ysinTo ξ' sinh Ty’ -- η' sin To’ 
= ~ e¢osh Tu-+ cos Tw cosh T'z’+cos Tw’ ἡ 
It is found that Q(7') vanishes when TV, = 3-6563, and that the graph 
of Q(7) has an asymptote at ΤῊ = 3-9270. The first value of 77 
corresponds to an unstable steady oscillation which, if disturbed, either — 
dies to ankylosis or grows indefinitely. 


(ii) Behaviour at a Speed Less than the Critical. If we next assume 
_ the airspeed to be reduced to V = 0-975, the coefficients of the 
determinantal equation become 
Py = 101-4606 x 10-, 

p, = 2683730, x 10-6, 

Pe = 93°1488V2 x 10-6, 

D5 = 17-1755V3 x 10-8, 

», = 16632304 x 10-6, 


while μ = —0-008895V,, w = 0°817539V,, 
μ’' = —0-1233609,, ω’ = 0-479605V,, 
γξ = 0-052411 x 108, Vn = —0-051047 x 108, 


V,£’ = —0-052411x 108, 7ζ0η’ = 0-510530 x 10°. 
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In this case the lowest non-zero roots of the semi-period equation are 
given by ΤΊ = 3-6692 and TV, = 3:7714. The first of these corresponds 
to the unstable oscillations referred to in the critical case, and the 
second (which develops from the asymptote) corresponds to stable 
steady oscillations. The characteristics of this stable motion will now 
be examined. 

With ΤῈ = 3-7714, it is found that 


eat = — 14-826 +- 25-7642, 
eas — ] 5 , 
Τὰς ΚΕ = —0°55144+ 1-14135+. 


Moreover Vike γι = (—0-063130 — 0:0634212) 108, 
V2lkos'¥3 = (1:024789 — 0-1543072) 108, 
Aiko V1 = (0°041267 + 0-0433022) 103, 
D2 kas'Vg = (—0-238388 — 0-0881162) 103, 
while Age = Ay,/Po = 0°394242 x 103. 
Hence (see (11:66) and (11-6: Ὁ 
| eTar— ἢ] 
q2(0)/R = Σ hee Ve TIF afar + 
= ‘ ἈΠῈ x 103/72, 
eTar— J 
,(0)} R= Σ AGk Fe a οΤλ, 4 1 + Gog 
=— 2 -6019 x 103. 
These expressions confirm that the oscillations are possible. Again, 
using equation (11.4.1), we find that. 
Viki, = (—0-038914 — 0:50219480 108, 
γῈ [575 = (0-203520—0-014215i) 103, 
and the motion of the frame is then given by 


4 elt 
Q(O/H = Σ bY, (1 = iar) 


A graphical examination shows that the coordinate q, lags in phase 
by 54° behind g,, and that its maximum value is 2350.R/V?. 

If the critical speed is chosen to be 40 feet per second (corresponding 
to a spring stiffness o, of 59-94 pounds feet per radian), the results 
obtained under the present heading are applicable at a speed of 39 feet 
per second. The amplitude of steady oscillations for the aerofoil then 


is 2°72 radians per foot pound of frictional couple, while that for the 


frame is 1.47. 
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Part II. ExpERIMENTAL INVESTIGATION 


13-7. Preliminary Calibrations of the Actual Test System. 
The system as described in § 13-2 was mounted vertically for test in a 
wind tunnel. The following ΠΡΌΝΕΥ calibrations of the apparatus 
were made: 


(i) Frictional Couple. The frictional couple applied to the aerofoil 
by the discs C and D (see Figs. 13-2-1 and 13-2-2) was varied in the 
wind tunnel experiments by the addition of masses to the scale-pan 
M outside the tunnel. A direct calibration was made of the couples 
required to overcome the “‘stick friction” and the “slip friction”’ due 
to a given mass in M: the frame was locked centrally in these tests. 
In the measurements of slip friction the aerofoil was given a small 
angular velocity, and the couple required to keep it just moving was 
determined. The slip friction was about 60 per cent of the stick friction. 

The frictional couple appeared to be directly proportional to the 
outside load in the scale-pan, so that the weight of the latter balanced 
the tensions in the release springs L to within the limits of observation. 
The final result gave a slip frictional couple on the aerofoil of 0-0157_ 
- pound foot for 1 pound of outside load. 


(ii) Constants of Inertia. These were determined by preliminary 
oscillation tests of the apparatus under gravity, with the axes 4A and 
BB horizontal. The measured constants (in slug ft.”) were 


(iii) Spring Str ΤΟΝ Το ΠΕΡῚ stability four springs were 
attached to the frame, one pair to the top arm K and one pair to the 
bottom arm. A direct calibration with the four springs in place gave 
a stiffness σ᾽ of 61-6 pounds feet per radian. | 


13-8. Observations of Frictional Oscillations. The observed 
critical speed, as indicated by the occurrence of definitely growing 
oscillations, was about 37 feet per second.* At speeds ranging from 
V = 31 to V = 36 steady oscillations were observed, the amplitudes of 
which could be increased by an increase of the frictional moment; and 
the frequency parameter of these oscillations had a constant value of 
0-41. To this extent the experimental results accorded satisfactorily 
with the theory. 


* If the measured values of the inertial constants and of o, are substituted for the values 
given in Table 13-6-1, the calculated critical speed is almost exactly 37 feet per second. — 
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The measured amplitudes of the frame during the steady oscillations 
are summarised in Table 13-8-1 and Fig. 13-8-1. For a given wind speed 
they should, according to the theory, increase linearly with the fric- 
tional moment, but this is only borne out by the experimental results 
for a restricted range of the friction. Within this range*, the measured 
increase of amplitude for an additional frictional moment of 0-01 
pound foot is roughly 0-5 degree at V = 35. No exact comparison with 
theory is possible here, but it may be noted that for the system dis- 
cussed in ὃ 13-6 the calculated increase of amplitude is 0-84 degree at 


Amplitude of oscillation of frame (degrees) 


0-01 
Frictional couple applied (Ib. ft.) 


Fig. 13.8:1 


a wind speed of 1 foot per second less than the critical speed. The 
behaviour of the actual system differed from that of the theoretical 
system in that its oscillations developed spontaneously from the small 
natural disturbances in the wind tunnel: the theory requires the initial 
disturbance to be at least comparable with the final motion. 

Among the possible causes which might well account for the differ- 
ences of behaviour just mentioned, reference may be made to the 
following: | 


(i) Departures of the actual aerodynamical forces from linear laws. 


* Beyond this range ankylosis occurred, as indicated by “A” in Table 13-8-1 and by 
dotted lines in Fig. 13.8.1. 

+ The non-linearity of these forces was to some extent confirmed by measurements of 
the aerodynamical stiffnesses for a static condition of the wing. 
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(ii) The presence of some friction in the ball-bearings, and increase 
of this internal friction with the amplitude of oscillation. 


(iii) Departures from constancy of the externally applied friction 
during each stroke of the aerofoil. 


A very close correlation between theory and experiment was, in 
fact, found impossible owing to the susceptibility of the actual test 
system to three other types of oscillation which were almost certainly 
attributable to the departures of the aerodynamical forces from linear 
laws. A brief description of these oscillations is given in ὃ 18:9. 


Table 13-8-1 
Amplitudes of Frame during Steady Frictional Oscillations 


Frictional Couple Applied (Ib. ft.) 


5-25 x 10-3 | 10-5 x 10-9 115-75 x 10-*|  21x10-% | 26-25 x 10-* 


Remarks on Table 13-8-1. “A” indicates ankylosis. The method 
adopted was to increase the friction slowly, so that the amplitude could 
build up slowly to the steady value. If the friction was suddenly 
applied, the existing oscillation did not represent, in general, a suffi- 
cient disturbance to give rise to the new and larger oscillation; con- 
sequently the motion would die and the friction would then ankylose 
the aerofoil. Owing, presumably, to aerodynamical non-linearities, it 
was in practice impossible to build up the amplitude indefinitely, even 
slowly; and ankylosis would occur as indicated in the table. | 

‘“‘B”’ indicates the most curious of all the oscillations obtained. At 
V = 36 and with zero frictional load, the oscillations grew to an 
amplitude of about 2-5°. Then, quite abruptly, the frequency dropped, 
and the amplitude immediately started to decrease. When it reached 
about 1°, the oscillation reverted to the frictional type, and the 
amplitude again increased, and so on. The result was a “hunting” 
oscillation which grew on one frequency and died on another. The 
decreasing oscillation was recognised to correspond to a sustained 
oscillation discussed in § 13-9, and there referred to as oscillation No. 1. 
Its existence was attributed to aerodynamical non-linearities. 
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13-9. Other Oscillations Exhibited by the Test System. | 
(i) Oscillations with the Frame Locked. Two types of sustained 
oscillation of the aerofoil were observed when the frame was locked 
in the central position. They will be referred to as oscillations Nos. 1 
and 2. No. 1 was a smooth oscillation of half angle about 5 degrees, and. 
characterised by a low value of the frequency parameter. No. 2 was 
a much larger oscillation, the half angle being about 20 degrees, and 
it was of a very jerky nature and profusely embroidered with overtones; 
the frequency parameter was appreciably higher than that of No. 1. 
To generate No. 2 it was always necessary to give the aerofoil a very 
large displacement (50 degrees or higher) and to allow it to swing down 
to the sustained state: the stability of the oscillation thus appeared to 
depend on the establishment of a turbulent oscillatory wake. 

At low wind speeds, the equilibrium configuration was spontan- 
eously unstable (i.e. growing oscillations would result from the natural 
disturbances present in the wind tunnel), and the oscillations increased 
to No. 1. Following a large initial disturbance, the motion decreased 
to No. 1, although there was a tendency for No. 2 to appear. Between 
V = 10 and JV = 24 both oscillations were realisable; between V = 24 
and V = 30only No. 2 occurred. From V = 30 upward, all disturbances 
gave rise to decreasing oscillations, the equilibrium position being 
ultimately reached. The effect of friction was in all cases to reduce the 
amplitude, and ultimately, as the friction was increased, to cause 
ankylosis. 


(1) Oscillations with the Frame Constrained by Springs. In this 
condition it was possible to obtain three different types of maintained 
motion other than the frictional type. Up to V = 25 oscillations similar 
to Nos. 1 and 2 were again realisable. Oscillation No. 3 occurred at 
speeds above about 33 feet per second, and was very violent. Its 
amplitude was roughly 60°, and on several occasions it developed so 
suddenly that it broke the safety grab of the apparatus. Between 
V = 30 and V = 37 it could be produced by releasing the aerofoil from 
a large displacement. At V = 37, if the oscillation corresponding to 
the internal friction only was allowed to become sustained and if 
_ external friction was then applied impulsively, the motion jumped 
almost instantly to oscillation No. 3. At a speed just above 37 feet per 
second the spontaneous oscillations rose ΟἸΕΘΟΟΙΥ͂ to No. 3. This was 
the critical speed for flutter. 
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boundary problems, 195-200 
special solution of general first-order 
system of, 203-205 
special solution of simple first-order 
system of, 207 
standard one-point boundary problems 
with, 189, 190 
transformation of dependent variables in, 
159-160 
triangular systems of, 160-162 
Linear ordinary differential equations with 
variable coefficients, 
characteristic numbers for, 224, 226-228, 
230-231 
continuation formula for systems of, 
219-222 
existence theorems for, 212-214 
first-order systems of, 213~214, 216-218, 
220-224, 232-233 
fundamental solutions of, 214-215, 219, 
220, 223, 224 
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indicial equation for, 215 
irregular singularities of, 215 
notation for system of, 215 
ordinary points of, 212 
Peano-Baker method for first-order 
system of, 217-218 
power series solution for first-order 
system of, 222-224 
regular singularities of, 215 
simple first-order system of, 216, 21'7~218, 
220-222, 232-233 
singularities of, 212-215, 221 
solution of, by collocation and Galerkin’s 
method, 224~—231 
solution of, by mean coefficients, 232-245 
solution of, by method of Frobenius, 215 
system of, reduced to first order, 215-217 
Linear partial differential equations, 
change of variables in, 50-52 
methods of collocation and Galerkin for, 
227 
Linear substitution, 26-27, 64 
Linear transformation, 
defined, 26 
matrix of, 27 
triangular, 31 
Linear vector function, 258 
Loading, principal directions of, 265-266 ᾿ 


Maas-balance of aeroplane control surfaces, 
302 
Matrices, 

addition and subtraction of, 4 

conformable, 6, 9, 14, 25 

conjugate, 33 

continued products of, 9-12, 221 

differentiation of, 43-52 

division of, 22, 58-60 

elementary operations on, 87-89, 90, 96, 97 

equal, 4 

equivalent, 89, 90-92 

fractional powers of, 38, 81, 82 

infinite series of, 40-41, 53, 81 

integration of, 52-56 

inverse, 22, see also Reciprocal, Reciproca- 
tion 

multiplication of, 6-12 

notation for, 1-3 

of differential operators, 46-51, 156 

partitioned, 13-15 

permutable, 6, 7, 42, 44 

predivision and postdivision of, 22 

products of, 6-12 

reciprocal, 22, see also Reciprocal, Recf- 
procation 

representing complex scalars and quater- 
nions, 35-36 

representing finite rotations, 248-249, 
251-254 
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Matrices (cont.) 
Taylor’s theorem for, 44—45 
which commute, 6, 39, 42 
with null product, 23-24 
Matrix, 
adjoint, 21, see also Adjoint matrix 
aerodynamical stiffness, 284, 285 
alternate, 3, 33 
characteristic, 64 
column, 2 
D-, 157 
damping, 284, 288, 385 
definition of, 1 
degeneracy of ἃ square, 18, see also 
Degeneracy 
derived, 43-44 
determinant of a square, 16 
diagonal, 3, 12-13, 23, 66, 89, 91, 93 
dynamical, 308, 309, 310 
exponential function of a square, 41-43, 
45-46, 209-211, 221, 222, 232 
flexibility, 265, 309 | 
Hermitian, 33, 155 
idempotent, 79 
inertia, 284, 288 
integrated, 52-56 
. Jambda-, 57, see also Danabdlesniataione: 
Lambda- matrix 
line, 2 
modal, 66, 179, see also Modal matrix 
multiply degenerate, 18-20, 23, 61, 62, 
65, 67, 70, 85 
non-singular, 18 
null, 3, 23 
order of, 2 
_ orthogonal, 33, 34, 35, 247, 251 
of a linear transformation, 27 
of direction cosines, 34, 247, 251 
of transformation, orthogonal, 247, 251, 
255 
polynomial of a square, 39-40, 45, 67, 69, 
78-80, 83-87 
powers of a square, 10, 37-38, 67, 72, 73, 
80, 133, 145 
seca - ἃ square, 18, 23, 57, 89-90, 


eo ee 

resolvent of a square, 18 

row, 2 

scalar, 13 

simply degenerate, 18, 61, 65, 71, 86 
singular, 18 

skew, 3 

skew symmetric, 3, 26, 33 

square, 3 

stiffness, 264, 284, 288, 308 
Sylvester’s expansion for a square, 86 
symmetrical, 3, 26, 33-34, 77 

total stiffness, 284 
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transposed, 3, 25 
triangular, 97-106 
unit, 3, 13, 35 
Matrizant, 53-56, 218-219, 222, 232 
Mean coefficients, method of, 232-245 
Membrane, vibrating annular, 230-231, 
| 243-245, 320-322 
Minor determinants, 16 
Mittag-Leffler star, 52 
Modal coefficient, 179 
Modal columns, 
_ calculated by iterative methods, 141-145, . 
150, 151, 308-310 
connected with the characteristic matrix, 
64-69 
defined, 64, 179 
for general linear dynamical system, 288— 
290, 327, 329, 330 
for linear conservative system, 199, 291— 
295, 299, 300, 308-310, 312-314, 324, 
325 
for simple first-order system, 206 
for systems with solid friction, 336 
orthogonal properties of, for conservative 
systems, 299, 300 
properties of, 77 
relations between, for dissipative systems, 
301 
Modal matrix, 
defined, 66, 179 
for linear dynamical system, 289 
for simple first-order system, 206 
for systems with solid friction, 336 
of dynamical matrix, 298 
of polynomial of a matrix, 69 
of symmetrical matrix, 77, 259, 265 
reciprocal of, 77, 86 
Modal row, 336 
Moments of inertia, 
generalised, 281, 284 
principal, 257-258 
Momentum, 
angular, 257 
generalised, 274-276 
Morris, method of, for solution of linear 
algebraic equations, 132 
Moving axes, 
angular velocities of, 248, 253, 255 
angular momenta referred to, 257 
carried positions of, 250 | 
defined, 246 
in three dimensions, 250-256 
in two dimensions, 247-249 
kinetic energy expressed for, 257 
Lagrange’s equations referred to, 277-279 
velocities and accelerations referred to, 
248, 256 
Multi-cylinder engine, torsional oscillations 
of, 316-318 
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Multiplication, 
of lambda-matrices, 58 
of matrices, rules for, 6 
_of partitioned matrices, 14 
Multiply degenerate matrices, 
adjoints of, 21, 62, 63, 65, 123, 125, 173, 
174 
corresponding to multiple latent roots, 
65, 67, 69, 70, 71, 85, 87 
corresponding to multiple roots of deter- 
minantal equation, 61, 63 
defined, 18 
expressed as products, 20 
products of, 23 


National Physical Laboratory, experiments 
at the, 332, 333, 382, 395-398 

Non-holonomous systems, 260 
Normal coordinates, 295-298 
Null 

matrices, 3 

product, square matrices with, 23-24 
Nulli 

defined, 18 

Sylvester’s law of, 23 


One-point boundary problem, 
confluent special solution for standard, 
198-200 
defined, 186 
direct solution of, 191-195, 207-209, 295 
notation for, 188—189 
order of conditions for, 189, 190-191 
power series solution of, 209-211 
special solution for standard, 195-197, 
203-205, 207 
standard, 189-190 
One-sided constraint, 260 
One-signed quadratic forms, 30 
Operational formulae connected with partial 
fractions, 177-178, 184, 190, 196, 
203, 204 
Operators, 
matrices of differential, 46-51, 156 
selective, 82 
er, 
of matrix, 2 
of one-point boundary conditions, 189, 
190-191 
of system of linear differential equations, 
156 
Ordinary differential equations, linear, 
see Linear ordinary differential equa- 
tions 
Ordinary points of linear differential equa- 
. tions, 212. 
Orthogonal 
matrix, 33, 34, 35, 247, 251 
property, 77, 259, 299, 300 
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Oscillations, 
bounded, 333, 334 
decaying, 333, 334, 359, 361 
flexural, of tapered beam, 318-320 
forced, of aerodynamical systems, 302- 
307 
of aeroplane tail, see Aeroplane tail 
of aeroplane wing, 266, 305-307, 328-331 
Of beams, 309, 314-316, 318-320 
of systems with solid friction, see Solid 
friction 
of triple pendulum, 310-314 
pitching, of an aerofoil, 382-398 
resonant forced, 183, 305 
spasmodic, 332, 333 
steady, see Steady oscillations 
torsional, of multi-cylinder engine, 316- 
318 
torsional, of uniform cantilever, 314-316 
transverse, of annular membrane, 230- 
231, 243-245, 320-322 
transverse, of stretched string, 188 
unbounded, 333, 334, see also Flutter 
Oscillatory instability, conditions for, 291 
Overtones, calculation of, by iterative 
methods, 309, 312-314, 325, 330-331 


Parameters, critical, 291 
Partial 
differential equations, linear, 50-51,.227 
differential operators, matrices of, 47-51 
fractions, matrix formulae dependent on, 
78, 83, 175-178, 184, 190, 196, 203, 
204 


Particular integral, 157, 183-185, 196, 209 
Partitioning, 
of bilinear and quadratic forms, 29-30, 272 
of matrices, 13-15 
Peano-Baker method of integration, 216, 
217-218 
Pendulum, oscillations of a triple, 310-314 
Permutable matrices, 6, 7, 42, 44 
Pitching oscillations of an aerofoil, 
conditions for steady frictional, 387-394 
derivatives appropriate to, 385-386, 391 
design of apparatus for, 384-394 
experiments on, 382-384, 395-398 
Point, or column matrix, 2 
Polynomial of a square matrix, 
constructed by collineatory transforma- 
tion, 67 
defined, 39 
evaluated by Sylvester’s theorem, 78-80, 
83-87 
factorisation of, 39, 40 
latent roots and modal matrix of, 69 
reduction of, by Cayley-Hamilton 
- theorem, 72 
Taylor’s theorem for, 4445 
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Positional coordinates, of a rigid body, 259, 
see also Angular coordinates, General- 
ised coordinates 

Positive definite quadratic form, 30 

Postdivision, 22 

Postmultiplication, 6 

Potential, 

centrifugal, 277 
kinetic, 271 
Potential energy, 263, 264, 271, 326 
Powers of a square matrix, 
constructed by collineatory transforma- 
tion, 67 
defined, 10, 37 
fractional, 38, 81, 82 
high, 80, 133-145 
linear difference equation satisfied by, 73, 
148 
reduction of, by Cayley-Hamilton 
theorem, 72 
upper bounds for moduli of elements in, 
41, 43, [45-147 

Predivision, 22 

Premultiplication, 6 

Prime, or row matrix, 2 

Principal 

axes, 257-258 

coordinates, 295-298 
diagonal, 3 

directions of loading, 266-206 

Product chain, or continued product, of 
matrices, 9-12, 221 


Products of inertia, 
elimination of, by conversion to principal 
axes, 257 
generalised, 281, 284 
Products of matrices, 


abbreviated rules for, 8 
continued, 9-12, 221 
defined, 6 

Pure strain, 259 


Quadratic differential operators, 49-52 
Quadratic form, 

defined, 28 

differentiation of, 48 

discriminants of, 30-33, 272 

one-signed, 30 

partitioned, 29-30, 272 

positive definite, 30 
Quadric, axes of a central, 258 
Quaternions, represented by matrices, 35-36 


Rank, 
of a lambda-matrix, 57, 91, 182 
of a square matrix, 18, 23, 89-90 
of equivalent matrices, 89-90 
Rayleigh’s principle, 
for conservative systems, 299-300, 310, 315 


413 
generalised for special dissipative Bys- 
tems, 300-301 
Reciprocal, 
improvement of an épproxininte, 120- 
121 
of lambda-matrix, 58 
of matrix, 22 
of modal matrix, 77, 86 
of skew symmetric matrix, 26 
of symmetrical matrix, 26 
of triangular matrix, 103-106 
Reciprocal 
property of a dynamical system, 276 
theorem for conservative systems, 265 
Reciprocation, 
by direct operation on rows, 119-120 
by method of postmultipliers, 109-112 
by method of submatrices, 112-118 
reversal rule for, 25 
Rectangular matrix, 1 
Reduced characteristic function, 70, 72 
Reducing variables, 
defined, 195 
displacements, velocities, and accelera- 
tions expressed in terms of, 336, 337, 
340, 379 
for system with solid friction, 336, 337 
recurrence relations for, 341, 342 


‘Reference axes, see Axes, Frame of reference 


Regular singularity, 215 
Remainder theorems for lambda-matrices 
59, 60, 70 
Resolvent, of a square matrix, 78 
Resonance, 183, 305 
Reversal of order in products, 25 
Rodrigues’ formula, 254 
Roots, 
latent, 64-87, see also Latent roots 
of algebraic equations, see Algebraic 
equations of general degree, Linear 
algebraic equations 
of determinantal equation, see Deter- 
minantal equation 
of matrices, 38, 81, 82 
Rotations, 
convention regarding sign of, 247 
matrices representing finite, 248-249, 
251-254 
Routh’s test functions for stability, 154 
Row matrix, 2 
Rudder-fuselage flutter, see Tail flutter 


Scalar 
equations, expressed as matrix equation, 
5 


matrix, 13 

multipliers, 4, 5 
Segre characteristic, 94 
Selective operators, 82 
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Semi-period equation, for steady frictional 
oscillations, 346, 348-350, 364, 370, 
393 
_ Semi-rigid 
body, 266 | 
cantilever, 266 
wing, 266, 305 
Series of matrices, infinite, 40-41, 53, 81 
- Simple first-order system of differential 
equations, 
adjoint matrices for, 205 
continuation formula for, 220-222 
defined, 202, 216 
determinantal equation for, 205 
direct solution of, 207, 208 
general solution of, 206 
modal columns for, 206 
power series solution of, 209-211 
special solution of, 207 
Simply degenerate matrices, 
adjoints of, 21, 61, 62, 63, 65, 68, 76, 123, 
124 
corresponding to simple or multiple 
latent roots, 65, 66, 68, 71, 86 
corresponding to simple or multiple roots 
of determinantal equation, 61, 62, 63 
defined, 18 


Singularities, of linear differential equations, 


212-215, 221 
Singular matrices, 
defined, 18 
expressed as products, 20 
see also Multiply degenerate matrices, 
Simply degenerate matrices 
Skew 
matrix, 3 
symmetric matrix, 3, 26, 33 
Slug, definition of, 387 | 
Small motions, 
construction of equations of, 280-281 
of aerodynamical systems, 283-284 
Smith’s canonical form for lambda-matrices, 
91-92, 181 
Smith’s transformation, for an operational 
tow, 50 
Solid friction, 
dynamical equations for systems with, 
335-345 
graphical method for systems with, 354- 
357, 372-380 
influence of, on critical speed for flutter, 
362 
influence of, on oscillations of systems, 
332, 333 
measurements of, 395 


oscillations of aeroplane tails with, 359- — 


381 
pitching oscillations of an aerofoil con- 
_ strained by, 382-398 
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static and dynamic, 332 
steady oscillations of systems with, 866 
Steady oscillations 
system with single degree of freedom and, 
342-344 
Spasmodic oscillations, 332, 333 
Special solution, 
confluent form of, 198-200 | 
for general first-order system, 203-205 
for simple first-order system, 207 
for standard one-point boundary pro- 
blems, 195-197 | 
Spectral set, of operators, 82 
Sphere, rolling on a fixed plane, 260 
Spiral diagrams, for graphical discussion of 
friction problems, 356-357, 374 


‘Square matrix, definition of, 3 


Stability, 
of an aeroplane, 285 
of an aeroplane wing, 266 
of equilibrium of a conservative system, 
264 
of steady frictional oscillations, 350~353, 
360, 361, 362, 382 
test functions and determinants for, 154- 
155, 291, 388, 389 : 
Standard one-point boundary problem, 
defined, 189 
special solution for, 195-200, 203-205, 
207 


Starting instant, 335 
Steady motion, 
aeroplane disturbed from, 284-287 
conservative system with ignorable 
coordinates disturbed from, 282-283 
disturbance from, 280 
of an aeroplane, 268 
Steady oscillations, 
conditions for, when only one coordinate 
is frictionally constrained, 345-350 
graphical treatment of conditions for, 
387-389 
of aerofoil with solid friction, 382, 387- 
397 
of aeroplane tails with solid friction, 360— 
372, 375 
semi-period equation for, 346, 348-350, 
364, 370, 393 
stability of, 350-353, 360, 361, 362, 382 
treatment of conditions for, based on 
inertias, 389-392 


Stiffness, 


aerodynamical, 264, 284, 385 
. centrifugal, 278, 279 

cross, 284 

direct, 284 

direct elastic, 281 

elastic, 264 

elastic cross, 281 
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Stiffness Tail oscillations, 

coefficient, 264, 338 friction theory applied to, 359-381 

line, 388, 389 | steady, 360-372, 375, 376, 380 

matrix, 264, 284, 288, 308 Taylor’s theorem for matrices, 44-45 

point, 388 Tensor, 36 
Stopping instant, 335 Terminal 
Strain, equations, 342 

homogeneous, 258 instant, 335 

pure, 259 Test 


String, oscillations of a stretched, 188 


Structural problems, linear algebraic equa- 


tions in, 132 | 
Sturm’s functions, 152-153 
Subdominant latent roots, calculation of, 
143-144, 151 
Submatrices, 
bilinear and quadratic forms expressed 
by, 29-30, 272 
defined, 13-15 
of simple classical type, 94 
reciprocation by method of, 112-118 
Subproducts, use of, in calculation of con- 
tinued products, 11 
Subsidence, 290 
Substitution, linear, 26-27, 64 
Summation, 
of infinite series of matrices, 41, 81 
of matrices, 4 
Superdiagonal elements, 93 
Sylvester’s expansion, 
coefficients in, calculated by iterative 
methods, 138—141, 310 
confluent form of, 83-87, 134 
constructed, 78-79 | 
dominant latent roots calculated by, 80, 
133-138 
fractional powers of a matrix obtained by, 
81 


infinite series of matrices summed by, 
| 81 

properties of coefficients in, 79, 82 
Sylvester’s law of degeneracy, 23, 24 
Symmetrical — 

determinants, 34. 

matrices, products of, 26, 33 
Symmetrical matrix, 

adjoint of, 34 

defined, 3 

latent roots of, 155 

modal matrix of, 77, 259, 265 

reciprocal of, 26 


Tail flutter, 
critical speed for, 359, 363 
damping and frequency diagrams relating 
to, 359, 361 
influence of solid friction on, 360, 362 
wind tunnel ia acacia on, 332, 333, 
361 


conic, 387-389 
determinants and functions for stability, 
154-155, 291, 388, 389 
Torsional oscillations, 
of aeroplane fuselage, see Tail oscillations 
of multi-cylinder engine, 316-318 
of uniform cantilever, 314-316 
Total stiffness matrix, 284 
Transformation, 
collineatory, 66, 69, 93, 94, 206 
congruent, 29, 31 
linear, 26—27, 64 
matrix of a linear, 27 
of generalised coordinates, 282 
orthogonal matrix of, 247, 251 
Smith’s, for an operational row, 50 
Transposition of matrices, 3, 25 
Transverse oscillations, 
of an annular membrane, 230-231, 243- 
245, 320-322 , 
of a stretched string, 188 
Triangular matrix, 
defined, 97 
reciprocal of, 103~106 
reduced to diagonal form, 102-103 
reduction of non-singular matrix to, 97-- 
102 


Triangular systems, of linear ordinary 


differential equations, 160-162 

Triple peridulum, oscillations of, 310-314 
Twist of an aeroplane wing, static, 325~327 
Two-point boundary problem, 

defined, 186 

direct solution of, 201 

notation for, 200-201 

power series solution of, 211 


Unbounded oscillations, 333, 334 
Unit matrix, 3, 13, 35 
Upper bounds, | 
for an integrated matrix, 52, 55. 
for powers of a matrix, 41, 43, 145-147 
Up-stroke, 335 | 


Vector, 
components of, referred to moving axes, 
247-248, 251, 256 
of first kind, or row matrix, 2 
of second kind, or column matrix, 2 
Vector function, linear, 258 
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Vibrations, see Oscillations free oscillations of, 266, 328-331 


Virtual work, 262-264, 270, 277 forced oscillations of, 305-307 
ar | semi-rigid, 266, 305 
Wind tunnel experiments, stability of, 266 
on pitching oscillations of aerofoil, 382, static twist of, 325-327 
395-398 Work, virtual, 262-264, 270, 277 
on tail flutter, 332, 333, 361 ᾿ ᾿ 
Wing, Yaw, angular displacements in, 268, 332, 
critical speed for flutter of, 302, 307 333 
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